Vector and Scalar
Physical Processes – Vectors and Scalars
Intro to vectors & scalars
Vectors v. Scalar Quantities
• Scalar – something that ONLY has magnitude (a ‘size’)
o e.g. Distance
§ Ex: Moving a box 5 meters
§ Magnitude = 5m
§ No direction specified
o e.g. Speed
§ Ex: Moving a box at a speed of 2.5 m/s
§ Magnitude = 2.5 m/s
§ No direction specified
§ Distance and time are each scalar quantities in themselves, so speed is
also scalar (since a scalar multiplied by another scalar will produce
another scalar).
• Scalar * Scalar = Scalar (new)
• Vector – something that has magnitude (a ‘size’) AND direction
o e.g. Displacement (distance + a direction):
§ “Vector version of distance”
§ Ex: Moving a box 5 meters to the right
§ Magnitude = 5m
§ Direction = to the right
§ Symbol: s→
§ Displacement considers the final position relative to the starting point (or
‘net’ distance travelled).
o e.g. Velocity (speed + a direction)
§ “Vector version of speed”
§ Ex: Moving a box 2.5 m/s to the right
§ Magnitude = 2.5 m/s
§ Direction = to the right
§ Symbol: v→
§ Velocity is displacement over time, thus – a vector multiplied by a scalar
will produce a new vector.
• Vector * Scalar = Vector (new)
o e.g. Acceleration
o e.g. Forces
o Hint: Vector quantities have a little arrow above them, giving a hint that direction
is important too! The arrow isn’t related to the actual direction though.

Visualizing vectors in 2 dimensions
- Vector Addition
o Magnitude specified by the length of
arrow
o Direction is specified by the direction
of arrow
o Vector A + Vector B = Vector C
o The net amount that you’ve shifted is
the sum of Vector A + Vector B
o Tip – the sum of two vectors must be
greater or equal to the difference of their magnitudes, but smaller or equal to the
sum of their magnitudes (e.g. Vector A = 10 m/s, Vector B = 7 m/s, then 3 m/s ≤
Vector C ≤ 17 m/s).
o Vectors don’t necessarily state a starting point, so
even if Vector A and Vector B have different
starting points, you can (and should) put them
‘head to tails’ –––––––––––––>
o In order to do this vector addition, you need to break down the vector into its
components (shown below).
o Unit vector notation (even further below) provides a way to add/subtract two (or
more) vectors without having to resort to visual means.
-

Break down any vector into its components
o Vector X is the sum of horizontal
component and vertical component
§ Break down Vector X into its
horizontal component and
vertical component
o Turns a 2D problem into two
separate 1D problems
§ One acting in a horizontal direction
§ One acting in a vertical direction

- Example problem: Solve for the horizontal and vertical components of vector a.

soh cah toa
s = sine
c = cosine
t = tangent
a = adjacent
h = hypotenuse
o = opposite

Unit vector notation
- We can define any vector in terms of some sum of
these two vectors
- î – unit vector
o In the x direction
o Magnitude of 1
- jˆ - unit vector (y direction)
o In the y direction
o Magnitude of 1
- Define Vx as some multiple of î (the unit vector)
- Define Vy as some multiple of jˆ (the unit vector)

cos30 = √3 /2, so 10cos30 = 5 √3
sin30 = 1/2, so 10sin30 = 5
cos30 = √3 /2, so 10cos30 = 5 √3

sin30 = 1/2, so 10sin30 = 5

Using unit vectors in two
dimensions, and we can eventually do them in multiple dimensions, we can analytically
express any two dimensional vector
-

This provides a way to add/subtract two (or more) vectors without having to resort
to visual means

-

Examples:
o Separately add the x and y components of two (or more) vectors (e.g. vector a
and vector b)

Additional notes:
• If asked to subtract a vector, simply switch the arrow direction of the vector, and
then follow the rules above etc. as if it is a normal addition problem.

Speed and Velocity
Speed and Velocity
Calculating average speed and velocity
Example: If Shantanu was able to travel 5 km north in 1 hour in his car, what was his
average velocity?
- Displacement (s→): 5km to the north.
o Recall: Displacement is a vector quantity that
considers both direction and magnitude (magnitude is
distance here).
- Distance (d): 5km
o Recall: Distance is a scalar quantity.
- Time (t or Δt): 1 hour
o Recall: Time is a scalar quantity.
-

Rate of speed (or simply ‘speed’) (r)
o Scalar quantity – doesn’t take direction into account

-

Velocity (v→)
o Vector quantity – takes direction into account
§ (Recall: vector quantities have both direction and magnitude)

Solving for Time
Example: Ben is running at a constant velocity of 3m/s to the east. How long will it take to
travel 720 meters?
- Two equations can be used:.
o Rate of speed (r) equation (scalar route, same final answer)
§ Distance (d)
§ Time (t)
o Velocity (v→) equation (vector route, same final answer)
§ Displacement (s→)
§ Time (t)

Since we are solving for time (a scalar quantity),
both routes will lead to the same, scalar answer (i.e. 240s)

Displacement from time and velocity
Example: If Marcia travels for 1 minute at 5 m/s to the south, how much will she be
displaced?

See how we are solving for displacement (s→, a vector quantity), so the final answer needs both
a magnitude (‘300m’) and a direction (‘to the south’)

-

Instantaneous Speed and Velocity
Instantaneous speed: speed at a particular moment in time

-

Instantaneous velocity: velocity at any particular moment in time
o Includes direction, unlike instantaneous speed

-

Average Velocity
o Doesn’t depend on the path chosen or total distance travelled. Instead depends on
displacement (i.e. net movement from starting position)
o Doesn’t necessarily equal the instantaneous velocity
o Ex: Say you jogged at an average velocity of 60 meters/15 seconds (4
meters/second)
§ During this time you were speeding up and slowing down, and changing
your speed at every moment
§ Regardless of the speeding up or slowing down that took place during this
path, your average velocity’s still 4 meters/second
If you wanted to know the instantaneous velocity at a particular point in time during
this trip, you would want to find a smaller displacement over a shorter time interval
that’s centered at that point where you’re trying to find the instantaneous velocity

-

-

3 methods to find the instantaneous velocity (without using calculus):
o 1) If your average velocity is constant for the trip, then average velocity =
instantaneous velocity
§ Ex: A man is running with a constant average velocity of 7 m/s will also
have an instantaneous velocity of 7 m/s at any given time

-

2) If your velocity is changing, you can use a displacement vs. time graph to find the
instantaneous velocity
o The slope at any particular point the graph
will equal the instantaneous velocity at
that point in time
o The slope will give the instantaneous rate at
which displacement is changing with
respect to time
o Slope:

-

3) If acceleration is constant, you can use the kinematic formulas to find the
instantaneous velocity and time ‘t’.

Acceleration
Acceleration
NOTE: these notes switch to using ‘d’ for displacement rather than ‘s→’
- What is acceleration?
o Anytime we speed up or slow down, or change direction, we undergo
acceleration
o Acceleration = change in velocity (v) over time
§ a = Δv/Δt
§ a = average acceleration
§ Δv = change in velocity
§ Δt = change in time
§ Note: acceleration is a vector quantity
§ Units are generally m/s2 (‘meters per second per second’)
o Velocity is defined as the change in displacement (d) over time
§ v=Δd/Δt
§ v = velocity
§ Δd = change in displacement
§ Δt = change in time
§ Note: velocity is a vector quantity
§ Units are generally m/s
“Velocity is the rate of change of displacement,
and acceleration is the rate of change of velocity.”
-

Example: A car is going 0 à 60 mph in 3 seconds towards east. What is its acceleration?
o a = Δv/Δt
§ Δv = (60-0) mph towards east
§ Δt = 3 seconds
o a = 60mph/3seconds towards east
o a = 20 mph/second towards east
o Every second, the car can increase its velocity by 20 miles/hour, per second
towards the East.

If acceleration is constant throughout, then displacement can be found using our understanding
of acceleration:
• d = ½at2 + Vi(t)
o d = displacement
o a = acceleration
o t = time
o Vi = initial velocity (equals 0 if object is not yet in motion).
• Example:
o GIVEN: a = 12.5m/s2 /// t = 4s /// Object not yet in motion

o d = (½)(12.5)(42) + (0)(4)
o d = 100m
Airbus A380 take-off time
- How long would it take for the aircraft to take off?
- Given:
o Take off velocity: 280 km/hour
o Direction: direction of the runway (+)
o Acceleration: 1.0 m/s2
- How long does take off last for the aircraft?
o Convert take off velocity to m/sec
o 280 km/hr à 77.7 m/s

-

Acceleration is 1.0 m/s2
Every second it’s going 1m faster than it was in the second before
Acceleration is equal to the change in velocity over the change in time
o We’re trying to solve for how much time takes
o Solve for the time via the acceleration equation à 78 seconds

Airbus A380 Take-Off Distance
-

Given this takeoff velocity and constant acceleration, we figured out it would take the
A280 about 78 seconds to take off
Question to answer: How long of a runway does the A380 need? (What is the minimum
distance needed in order to take off?)
o The acceleration is constant, but note that the velocity is changing
o If acceleration is constant, then the average velocity will be the average of your
final velocity and your initial velocity
o What is our average velocity? à (our final velocity + initial velocity)/2
§ Average velocity = (78 m/s + 0 m/s)/2 = 39 m/s
o We can figure out our displacement by multiplying our average velocity with the
change in time à 3042 m

o Time vs. velocity graph
§ Plane has a constant
acceleration starting at 0
§ Slope = constant acceleration
§ Distance travelled is the area
under this curve

Alternative way to reach same answer – use formula from word page 12:
o d = ½at2 + Vi(t)
o d = ½(1)(782) + (0)(4)
o d = 3042 m

Distance travelled is the area under a velocity versus time graph.
- Ex: Object with a constant velocity of 5 m/s to the right (i.e. a = 0 m/s2)
o v→ = 5 m/s to the right
- Plotting velocity vs. time graph
o Area under the curve = displacement
o Makes sense if you rearrange formula on
the right, making s→ = v→ * Δt, which is
the same calculation you would do to find the area under the curve (i.e. base
times height)

-

Ex: Velocity is no longer constant as we have acceleration. Acceleration is given to be 1
m/s2, the velocity vs. time graph would look like:
o Initial speed = 0
o After 1 second, it will be going 1 m/s faster
o Slope of the line is the acceleration.

-

Question: How far have we traveled after 5 seconds?
o Get the area under the curve after 5 seconds à gives distance travelled
o Area of triangle = ½ x base x height
o Displacement = ½ (5 seconds)(5 m/s) = 12.5 m

If acceleration is not constant, best approach to finding out more is to graph velocities over time,
and find the area underneath the line to determine total displacement.

d = (½ base x height) + (base x height) + (½ base x height)
d = ½ (3 sec x 40 m/s) + (3 sec x 40 m/s) + ½ (4 sec x 40 m/s)
d = 60 m + 120 m + 80 m= 260 m
So our distance travelled after 10 seconds is 260m.
The slope of the line on a velocity versus time graph is equal to the acceleration of the object.

Average velocity for constant acceleration
Example:
- Given:
- Initial velocity (Vi) = 5 m/s
- Constant acceleration of 2 m/s2 (slope)
- Change in time = 4s
- Q: How fast are we going after 4 seconds? (i.e. what is the final velocity at 4 seconds?)
o Each second that goes by, we are going faster by 2 m/s2
o To get the final velocity (Vf)
§ Vf = Vi + (a)(Δt)
§ Vf = (5 m/s) + (4 s)(2 m/s) = 13 m/s

-

Q: What is the total distance traveled? (How far have we traveled over the course
of the 4 seconds?)
o Can look at the area under the curve
o Can break it down into a rectangle and triangle as shown in the diagram
§ Rectangle = (4 s)(5 m/s) = 20 m
§ Triangle = (1/2)(4 s)(8 m/s) = 16 m
§ Total Area = 20 m + 16 m = 36 m = total displacement
o Can also write it as an equation:
§ Displacement = (Δt)(Vi) + (Δt)(Vf – Vi)(1/2)
§ Displacement = (Δt)(Vi + ½Vf – ½Vi)
§ Displacement = (Δt)(½Vi + ½ Vf)
§ Displacement = (Δt)(½)(Vi + Vf)
• If acceleration is constant, as is it is here, then
vavg = (½)(Vi + Vf).
• So displacement (when acceleration is constant) is just =
(Δt)(vaverage)
§ Displacement = (4 s)(½)(5 + 13 m/s) = 36 m

Question:
A driver moving at a constant speed of 20 m/s sees an accident up ahead and hits the brakes. If
the car decelerates at a constant rate of –5 m/s2, how far does the car go before it comes to a
stop?
Answer:
No time given in the question, so use following formula:

Note: this answer uses ‘x’ to denote displacement.

Newton’s Laws and Equilibrium
Newton’s 1st Law of Motion
The law – “Every body persists in its state of being at rest or of moving uniformly straight
forward, expect insofar as it is compelled to change its state by force impressed”
o i.e. anything moving at a constant velocity or at rest will continue to do so, unless it is
acted on by an unbalanced force.
o e.g. box sitting on a frozen pond (remain at rest) unless some force acts to move it.
o e.g. a ball rolled across the floor (in the absence of gravity, friction, wind resistance, etc.)
would continue to roll indefinitely at a constant velocity.
o Impossible to test on Earth, works better in space.
Concepts of the 1st Law:
1. If the net force on a body is zero, its velocity will not change
2. An unbalanced force on a body will always impact the object’s velocity, but not
necessarily speed (the impact could be on the direction component of velocity, the speed
component of velocity, or both - but doesn’t necessarily have to be both).
3. The reason why initially-moving objects tend to come to rest in our “everyday” life is
because they are being acted on by unbalanced forces.
o e.g. friction, air resistance
4. An unbalanced force on an object doesn’t necessarily change the object’s direction.
o e.g. a force that acts in the same direction as the object’s direction.
o e.g. a force that acts in the opposite direction as the object’s direction but just
slows it down, doesn’t change its direction.
Inertia– all objects have a tendency to remain in their present state of motion (e.g. moving or at
rest).

Newton’s 2nd Law of Motion
F = ma
o F = force (vector quantity)
o m = mass
o a = acceleration (vector quantity)

Units: Newtons (N) (kg m/s2)
Units: kg
Units: m/s2

Thus, force (F) applied is proportional to the acceleration (a), and acceleration is proportional to
the force applied
o The constant of proportionality is mass (m).
o More mass means more force needed to accelerate an object (e.g. double the mass,
double the force needed to accelerate the object – logical).
Mass is not to be confused with weight:
Mass – the quantitative measure of an object’s inertia (usually measured in kilograms; kg)

o Mass doesn’t change, no matter where you are.
o Simply, mass is just “how much stuff there is”
Weight – the gravitational force than an object experiences when it is close to a much larger
body, such as a planet or moon (measured in newtons; N)
o Weight changes depending on if you’re on Earth, in space, etc.
o Simply, weight is “how much the stuff is being pulled down by the weight of gravity”.
Thus, when we put weight is as the FORCE and gravitational constant as the
ACCELERATION, F = ma becomes…
Weight = mg
o Weight (N)
o m = mass (kg)
o g = gravitational constant (~9.8 m/s2)
o Thus, mass and weight are proportional to each other, but are not the same physical
quality.

Unbalanced forces and motion
An object at rest will stay at rest unless acted on by an unbalanced force.
An object in motion will maintain its velocity (i.e. speed and direction) forever unless acted on
by an unbalanced force.
An object acted on by an unbalanced force will always accelerate in the direction of the
unbalanced force.

Newton’s 3rd Law of Motion
Law – “to every action there is always an equal and opposite reaction: or the force of two bodies
on each other are always equal and are directed in opposite directions”.
Ex: using your hand to push on the left side of a box to move it to the right. The 3rd law tells us
that the block is going to exert and equal and opposite force back on our hand.
Ex: stepping on the beach. Our foot compresses the sand, but the sand is exerting a force back
onto your foot, preventing us from accelerating downwards.
Ex: astronaut floating in space, throws a heavy block away from himself. The block is exerting
and equal and opposite force on the astronaut’s hand, so the block will accelerate away from the
astronaut, and the astronaut will accelerating in the opposite direction.

Center of mass
Center of mass (numerous definitions)
o The point through which a single force can be applied in any direction to cause all points
in the system to accelerate equally.
o e.g. ruler with a center of mass roughly in its geometric center. If you apply a
force to the ruler on its center of mass, the whole ruler will move/shift as a
whole, without rotation or anything (i.e. all points in the system accelerate
equally). However, if you apply a force to say the edge of a ruler, away from its
center of mass, then the ruler is going to rotate around its center of mass (i.e.
different points in the system will accelerate at different rates)
§ A spinning/rotating object will rotate around its center of mass.

o The single point at which all of the system’s mass can be considered to be concentrated.
o The point where, if the object was hanging by a string, it would be perfectly balanced in
any orientation.
System is uniformly dense? Center of mass = geometric center.
System not uniformly dense? Center of mass = shifted away from the geometric center towards
the denser side.
System can be a single object (e.g. a block), but systems often involve multiple objects and
components. Systems as a whole also have a center of mass (e.g. our solar system has a center of
mass).
Center of mass doesn’t have to be located within that object (e.g. donut with uniform density has
its center of mass at the center of the hole, a point that has no mass).

Real life example of this:
• The technique performed by a high
jumper shifts their center of mass below
the bar.
• Bar can be cleared without having center
of mass go as high as the bar, so less force
is required to clear the bar.

Torque
Force applied further away (i.e. a distance from) the pivot point/axis of rotation/center of
mass
τ=F*d
• Torque (τ – Greek letter Tau)
o Units: Newton meters (N•m)
o Torque is positive when rotation is CCW.
o Torque is negative when rotation is CW.
• Force (F)
o Units: Newtons (N)
• Distance (d)
o Units: Meters (m)
o Also known as moment arm distance
Q: If a ruler with a pivot point (e.g. nailed to the wall) has 5N force applied 10m
perpendicular to the pivot point, what is the toque?

τ = 50 N•m
-

Q: What force needs to be applied 5m on the other side of the pivot point to balance out the
forces and resulting in no net movement?
Net toque needs to equal 0.
0 = τ(CCW) + τ(CW)
0 = (F * d) + –(F * d)
0 = (50 * 10) + –(F * 5)
F = 10 N
Note how the torque is negative when we are applying a force in a CW direction.

Normal Forces
Balanced and unbalanced forces

Top left image and top middle image are examples of BALANCED FORCES.
Top right image and both bottom images are examples of UNBALANCED FORCES

Normal force and contact force
Normal force
• Normal force – the force that surfaces exert to prevent solid objects from passing
through each other.
• Normal force is a type or component of contact force.
• The normal force is directed perpendicular to the two surfaces in contact

Examples of Normal Force
Ex1: Normal force in an elevator. Person has a mass of 10 kg. F = mg tells us that the force
of gravity acting on the person in every scenario is going to be (10 kg)(–9.8 m/s2) = –98N.
Fnet = FN + Fg
• Normal force (FN)
• Gravitational force (Fg)

Panel 1:
• Objects traveling at a constant velocity (includes objects at rest with a velocity of 0
m/s) have no net force acting on them.
• Since the force of gravity is -98N, a normal force of +98N is required to achieve no
net force.
o Note: positive and negative are used to indicate upward and downward
directions, respectively.
Panel 2:
• Person is accelerating at a rate of +2m/s2, which requires F=ma, F=(10)(2) = 20N.
• Fnet = ma
• Fnet = (10kg)(2m/s2)
• Fnet = 20N
•

FN = Fnet – Fg = 20 – -98 = 118N

•

Another way to think of it: in addition to the +98N required to overcoming the force
of gravity, an additional 20N is required to provide this upward acceleration,
meaning that a total normal force of 118N is acting here.

Panel 3:
• Objects traveling at a constant velocity have no net force acting on them.
• Thus, the normal force is identical to that seen in panel 1 (i.e. 98N)

Panel 4:
• Note: acceleration is negative but that doesn’t mean that the elevator ist going
downwards here, just that net acceleration is slowing as we are about to reach our
floor.
• Fnet = ma
• Fnet = (10kg)(-2m/s2)
• Fnet = –20N
•

FN = Fnet – Fg = -20 – -98 = 78N
EXAMPLE 2

Scenario: planet with NO FRICTION, is a PERFECT SPHERE, and is NOT ROTATING.
Frozen block 1 resting on the surface of the planet (i.e. constant velocity of 0m/s).
• Fg + FN = 0.
Frozen block 2 traveling at a constant velocity of 1km/hour around the ‘equator’.
Q: What happens to frozen block 2 over time?
A: Since objects in motion stay in motion, the block will continue to travel as such
indefinitely.
Fg > FN (net inward force) because block 2 doesn’t just fly off of the surface of the planet, it
orbits it.

Force of Tension
Introduction to tension
Tension – the force that exists either within or applied by a string or wire.
EXAMPLE 1:

Scenario: Weight on a blue cable. Force acting on this weight/cable complex is Fg = 100N.
Given top angle (red).
Q: Find T1 and T2, tensions of the two additional cables (green)
A: Since cable 2 doesn’t provide any upwards tension force, all upwards force must be
provided by the y-component (T1 y) of the cable 1 vector. Thus, T1 y = 100 N.
Use given angle (30o, top) to infer angles of the right-angled triangle. Use inferred angles
and T1 y to find T1 and T1 x via SOH CAH TOA.
T1 = 200 N
T1 x = 100√3 (calculation not shown)
Since the object isn’t moving left or right (i.e. it is stationary), we know that T2 = T1 x.
So T2 = 100√3

EXAMPLE 2:

Side note: tension in the little cable between the two pink dots just simply = 10N.
Q: Find T1 and T2 (steps shown on this page, video snip shown on next page)
Infer angles on the triangles using the given angles.
Use SOH CAH TOA to determine that T2 x = T2cos60 and T1 x = T1cos30.
Since there is no net movement left or right, T2 x = T1 x, so T2cos60 = T1cos30.
Use this information to create the equation boxed in yellow. Multiplying this boxed
equation through by 2 gives you the following equation: √3T1 – T2 = 0
Since the T y components need to offset gravity, T2 y + T1 y = 10N.
Again, use SOH CAH TOA to produce numbers that you can incorporate into another
equation that uses T2 and T1 (equation ends up being T1 + √3T2 = 20).
Now make the second equation compatible with the first by multiplying through by √3,
resulting in the following equation: √3T1 + 3T2 = 20√3
Now minus equation 3 from equation 1. From this we find that T2 = 5√3.
Now we can substitute this value back into any of the equations, and from that we find that
T1 = 5N

Video link – http://tinyurl.com/k8sdu4o

Forces on inclined Planes
Inclined plane force components

Fg = mg
Recall: Normal force (FN) acts perpendicular to the surface.
Break up Fg into components that are parallel (blue arrow, Fg II) and perpendicular (yellow
arrow, Fg ┴) to the surface.
Angles: know that large yellow triangle has total angles of 180o, then we can infer that the
top right angle must = 90o-Θ
Top left diagram just shows that alternate interior angles are the same when we have two
parallel lines with a transversal line, like shown. This logic can be applied to our diagram
here – the far right vertical line of big yellow triangle is parallel to the purple line for Fg.
Slanted yellow line of big triangle is the transversal line, and so we can label another angle
to be 90-Θ too.
From this, we can now label the last angle of the small triangle as Θ.
Now use SOH CAH TOA to make equations as such:
Fg ┴ = Fg cosΘ = mg cosΘ
Fg II = Fg sinsΘ = mg sinΘ

Ice accelerating down an incline
Assume same set up as last above, but now we know that mass (m) = 10kg, and Θ=30o.
F = ma
Fg = (10 kg)(9.8 m/s2) = 98N.
Recall: work done before told us that
Fg ┴ = Fg cosΘ = mg cosΘ
Fg II = Fg sinsΘ = mg sinΘ
Plug in our values to get:
Fg ┴ = Fg cos30 = 49√3 N
Fg II = Fg sin30 = 49 N

“into” surface of the plane (the ramp in this case)
parallel to surface of the plain.

There is no acceleration “into” the surface of the plane because Fg ┴ is balanced by FN:
Thus FN = 49√3 N
“out of” surface of the plain.
Solve for acceleration of the block:
Our force is simply our Fg II, = 49 N.
F = ma.

49N = (10 kg)(a)
a = 4.9 m/s2

Force of friction keeping the block stationary
Now we introduce a scenario where friction is involved.
In this scenario, the block is stationary and not accelerating down the ramp at all. This
means that the force of friction (Ff) must equal Fg II.
In this new scenario, it is found that 1N of force is required to ‘budge’ the object. Thus the
force required to budge the object is our Fg II (provided by gravity) plus our 1N extra,
making our ‘budging force’ (FB) = 50N.
• Note: FB is not a technical term, just used to explain what is going on here.
• Between 49N and 50N, Ff changes according to the force applied in the downward
direction (e.g. if 0.5N of additional pressure was applied, the block remains
stationary because the Ff has now changed to be 49.5N)
Coefficient of static friction (μs) – deals with stationary objects.
• Can be found from FB / FN = 50 N / 49√3 N = 0.59

Force of friction keeping velocity constant
Scenario:

Velocity is constant (i.e. we are NOT accelerating), then the net force must be 0. In this
scenario, this meaning that the force acting to push the block down the ramp must be
equally counteracted by an opposing force – the force of friction (Ff).
In the previous example, we were looking at static friction (i.e. friction in an unmoving
system). This example looks at the kinetic friction.

Coefficient of kinetic friction (μK) – deals with moving objects.
• Can be found from Ff / FN = 49 N / 49√3 N = 0.58

μK ≤ μS
μ K ≤ μS
• i.e. friction is a little less potent when something is moving compared to when
something is resting.
• i.e. the same or greater applied force is required to overcome static friction and get
something stationary to start accelerating as compared to the applied force required
to get an already moving object to accelerate.

WOOD BLOCK EXAMPLE
Given: 5kg block of wood on a surface. 100N of force applied to LHS of box. μS = 0.60
μK = 0.55.
Solution:

F = ma
m/s2),

Fg = (5 kg)(9.8
so Fg = 49N ‘downwards’
FN opposes this, so FN = 49N ‘upwards’.
Recall:
• Coefficient of static friction (μs) – deals with stationary objects.

•

o Can be found from FB / FN
§ FB = ‘budging force’
Coefficient of kinetic friction (μK) – deals with moving objects.
o Can be found from Ff / FN

Plug in our FN to these two equations and find that FB = 29.4N and Ff = 26.95 N
Static:
• Thus, 29.4N is required to overcome static friction, which are applying more than
enough of (100N).
• Just for that moment as the box is just getting moving, Fnet = 100–29.4 = 70.6 N.
• F=ma tells us that just for that moment, the box will be accelerating at 14.1 m/s2.
Kinetic:
• However, now that the block is moving, the μK comes into play.
• Found earlier that Ff = 26.95 N, so now Fnet = 100–26.95 = 73.05 N.
• F=ma tells us that once the block is moving, it will accelerate at 14.61 m/s2.
We always had more than enough force to overcome friction (100N), however just as we
started to push the block, the acceleration was slower, as we had to overcome static
friction.

Work and Energy
Work – energy transferred by a force
• Simple formula:
o W = Fd
§ Work (W)
§ Force (F)
§ Distance (d)
o Example: block with 10N of force applied to the side, moved 7m.
§ W = Fd
§ W = 10N x 7m
§ W = 70 N•m = 70 joules
•

Wnet = KE = ½mv2
o KE is kinetic energy, which indicates the amount of work necessary to
accelerate something to a particular velocity.
o Concept will become clearer over next couple of pages

Work and the work-energy principle
Work done by a force is the amount of energy (joules) transferred to an object or system.
Adding to our W=Fd formula to integrate an angle:

W=FdcosΘ

The cosΘ is in this formula because the only part of the force that does work is the
component that lies along the direction of displacement. The component of the force that
lies perpendicular to the direction of motion doesn’t actually do any work.

If W is positive for a particular force, the force is trying to give the object energy.
• Occurs if force points in same direction as the displacement

If W is negative for a particular force, the force is trying to take energy away from
the object
• Occurs if force points in the opposite direction as the displacement.

If W is 0 for a particular force, then the force is neither giving nor taking away
energy from that object.
• Occurs if force points in a direction that is
perpendicular to displacement.

•

Occurs if displacement is 0 (i.e. object doesn’t move at all)
o e.g. the force exerted by holding a very heavy
weight above your head does not do any work on
the weight, since the weight is not moving.

Solving for net work (Wnet), or total work done on an object:
• If all the forces lie along the direction of displacement, then the angle = 0o, and
cos0=1, so we can ignore the cosΘ term for now.
• Wnet = Fnetd
o Recall: F=ma, so….
• Wnet = mad
o From a different unit: Vf2 += Vi2 + 2ad (requires an assumption that
acceleration is constant, which allows us to assume that Fnet is constant).
• From this information, we can derive a new formula:
o Wnet = ½mvf2 – ½mvi2
o Wnet = kinetic energy final (KEf) – kinetic energy initial (KEi)

This expression relates the net work done on an object to the kinetic energy gained
or lost by that object.
If Wnet is positive, kinetic energy increases and object speeds up.
If Wnet is negative, kinetic energy decreases and object slows down.
If Wnet is 0, kinetic energy stays same and object maintains a constant speed.

TRASHCAN EXAMPLE:

Tension force = 50N
Friction force = 30N.
Distance moved = 10m.

Work done by tension force:

cos0 = 1
Work done by friction force:

cos180 = –1
Work done by gravitational and normal forces:

cos90 = 0
(only gravitational force shown but same idea for for both Fg and FN)

Use the work energy principle to figure out the speed of the trashcan after it slid the 10m.

Assume trash can was not moving initially, so vi = 0

If we wanted to know work required needed to lift can up 2m:

What’s Wnet in this scenario? First find work done by Fg:

Now you can find Wnet

Makes sense, because the trashcan moved up with a constant velocity, there was no
change in the kinetic energy of this object (i.e. ΔKE = 0)

BOX EXAMPLE to lead into Potential Energy & Conservation of energy:
Scenario: box (m = 1kg) moving UPWARDS at a constant velocity to a distance of 10m
above the ground
Question: How much work was put into lifting the box up the 10m?
Answer:
Fg = mg
Fg = (1 kg)(10 m/s2)
^ just using 10 instead of 9.8 m/s2 for simplicity of math.

Fg = 10 N
Since its moving at a constant velocity, there is no net force, meaning upward force
matches force of gravity.
Fupwards = Fg = 10 N
W = Fd
W = (10 N)(10m)
W = 100 J
/// Where does this work “go”? ///
• This work is converted to gravitational potential energy (PE).
• Logically, PE = mgh
o h = height (a measure of distance upwards)
• So the box is now 10m up, and 100 J of work has been converted to PE.

Conservation of energy
What if we were to drop the box now?
When the box hits the ground, height (h) = 0, and PE = mgh, so PE = 0 (no potential
energy).
Where does the energy from the PE go? The energy is converted to kinetic energy (KE).
We can use kinetic energy to determine the velocity of the box before it hits the ground.
Continuing from the scenario from before:
PE = KE = 100 J
m = 1 kg (10m in the air)

KE = ½mv2
Solving for v gives us v = 14.1 m/s
Instead of dropping the box onto a flat surface, lets drop it onto an uneven hill, and box
slides down.
Box’s velocity as it reaches h=0 will still be v= 14.1 m/s (when it reaches where the cursor
is).

We can also determine the velocity of the box anywhere along the way, as long as we know
the height above the ground.

For example: box has slid down some and is now 5m above the ground.
PEi + KEi = PEf + Kef = 100 J
All energy is conserved.
100 0
0
100
PE = mgh
PE5m = (1)(10)(5) = 50 J

ß plug in and solve for KE5m

PEi + KEi = PE5m + KE5m = 100 J
PEi + KEi = PE5m + KE5m = 100 J
PEi + KEi = 50J + KE5m = 100 J
Therefore KE5m = 50J
Now use KE5m = 50J to determine velocity at this point.
• KE = ½mv2
• Solving for v gives us v5m = 10 m/s
////
ANOTHER EXAMPLE OF CONSERVATION OF ENERGY, this time with FRICTION:
Scenario: biker at top of hill
• m = 90 kg
• Hill is 500m with a 5o incline
• Ff = 60N
Ques: Find the speed of the biker at the bottom of the hill.
Ans:
PE = mgh
PE = (90)(9.8)(500sin5o)
PE = 38,455 J

ß simple trig using SOH CAH TOA ^

Before, we saw that all of PE was converted to KE. This is not technically true because we
have to consider Ff, which ‘wastes’ energy so to speak (as heat etc.).
Wfriction = Fd
Wfriction = (60)(500)
Wfriction = 30,000 J
Efinal = Einitial – Wfriction
Efinal = 38,455 J – 30,000 J
Efinal = 8,455 J
KEfinal = ½mv2
8,455 J = ½(90)v2
Solve for v gives us v = 13.7 m/s
Where does the ‘wasted energy’ go? Usually heat (think of the heat that friction generates).

Springs and Hooke’s law
Hooke’s Law – the amount of force necessary to keep a spring compressed is proportional
to how much you’ve compressed it.
F = –kx
• Restoring force of the spring (F)
o The counteracting force of the spring, against the force of compression
(shown with a pink arrow)
o This explains why the k is a negative value here. If we were pulling outwards
(positive direction, to the ‘right’ by our convention), the restorative force
would try to ‘pull back’ (negative direction, to the ‘left’ by our convention)
• Spring constant (k)
o Specific to the spring in question.
• Displacement of spring (x)
EXAMPLE 1
Scenario: Spring attached to a wall. 5N force is applied to the spring (shown with a yellow
arrow), causing spring to compress 10m from its starting point.

Determine spring constant:
F = –kx
5 = –k(–10)
K=½
Apply spring constant:
Now we have our spring constant for this spring (k), and thus we can solve for a situation
where 10N of force is applied to the spring.
F=½x
–10 = ½ x
x = 20m

EXAMPLE 2
Scenario: 2N of force ‘pulls’ outwards on a spring, causing it to stretch 1m.
F = –kx
2 = –k(1)
k = –2
F = –2x
How much force would you need to pull on the spring with to stretch the spring out to 2m?
F = –2(2)
F = –4N
• This is the restorative force (Fr) that we have solved for. Question is asking for how
much force we need to ‘fight’ the restorative force, i.e. the compression force (Fc),
which is 4N in this scenario.

Potential energy stored in a spring
Force of restoration (Fr) = –kx
Force of compression (Fc) = kx
As a graph, Fc = kx looks like this (y-axis is force, x-axis is distance)

Slope is rise over run, e.g. k/1, or 2k/2, so slope = k
Work done to displace the spring equals the area under the curve, which can be found
using the formula: W = ½ k x02
x0 is just your distance of interest
Work needed to compress a spring is the same thing as the potential energy stored in the
compressed spring:
W = PE = ½ k x02

PE in a spring – EXAMPLE

Scenario: Spring (k = 10), block of ice (m = 4kg), with a loop-de-loop (r=1m, h=2m), on
Earth but assume no friction.
Question: How much do we need to compress the spring to get the block to complete the
loop-de-loop

First find PE of the spring.
Let’s say we compress the spring x meters.
PEi = ½kx2
PEi = ½(10)x2
PEi = 5x2
At the pink dot, total energy = KEpink + PEpink
KEpink = ½mv2
(kinetic energy)
PEpink = mgh
(gravitational PE)
Centripetal acceleration (ac)
ac = v2 / r
9.8 m/s2 = v2 / 1m
v2 = 9.8
ß Plug this whole thing into our KE = ½mv2 formula
KEpink = ½mv2
KEpink = ½(4 kg)(9.8 m/s)
KEpink = 19.6 J
PEpink = mgh

PEpink = (4)(9.8)(2)
PEpink = 78.4 J
Total energypink = KEpink + PEpink = 19.6 + 78.4 = 98 J
Thus, total energy at the start must equal 98 J also. At the start, KE = 0 and all energy is
stored as PE, since the block hasn’t started moving yet.
Thus, PEi = 5x2 = 98 J,
Solving for x gives us x = 4.43 m

Work as the transfer of energy (& work as a negative)
W=FdcosΘ
W is the amount of energy transferred to an object.
• If force gives energy, then force is doing positive work
• If a force takes away energy, then the force is doing negative work
o Occurs when a force is working in an opposite direction as the displacement.
o e.g. the work done by gravity as a crate is hoisted up in the air at a constant
velocity – since the force of gravity is working in the opposite direction to the
displacement, the work done by gravity must be negative. The work done to
hoist the crate is positive however. The net work done on the crate as it is
hoisted up is 0 because there is no increase or disease in KE as the crate
moves at a constant velocity.
POSITIVE WORK example

NEGATIVE WORK example

KE of skater drops from 2500J to 0J
POSTIVE WORK example

This could have been found using the W=FdcosΘ formula too, but PEg = mgh works too
because we just find how much energy we’ve giving to the bricks, and W is the amount of
energy transferred to an object.
This idea works for every kind of energy. You can always find the work done by a force on
an object by determine the energy the force gives or takes away from that object (e.g. work
done by the hand force compressing a spring = elastic potential energy gained by the
spring) (e.g. work done by the spring force on a box = kinetic energy gained by the box)
NO WORK example

If bear holds the barbell in place, the bear does no work on the barbell because bear gives
and takes no energy from the barbell.

Conservative Forces
Conservative force – any force whereby the work done by a force only depends on the
initial and final positions of the object (i.e. does not depend on the path taken).
Consider an example that looks at the work done by gravity
Box drops from a height of 6m.

Box drops from a height of 6m, is lifted back up to 6m, and dropped again

Shows that the work done by gravity only depends on the initial and final positions.
Total work done by gravity to get the box from 6m to 0m will always be the same,
regardless of the path the box takes. This makes gravity a conservative force.

Conservative forces – conserve mechanical energy (mechanical energy = KE + PE)
• Gravity
• Springs
•
•

If a force is conservative, you will be able to define a PE for that force (e.g. PEgravity,
PEspring).
You can get the stored energy ‘back out’ by letting PE convert to KE

Non-conservative forces – do not conserve mechanical energy
• Friction (because energy dissipates as thermal energy).
• Air resistance
•
•

The work done by these types of forces depends on the path the object takes.
If a force is non-conservative, you will not be able to define a PE for that force.

Mechanical advantage
Simple lever (e.g. a see-saw) with a 10N weight at one end (1m to the right of the pivot)
Find: force required to apply 2m to the left of the pivot to (a) keep balance, and (b) reach
the finishing position (yellow line)

Find distance that weight moved up (let’s call it dw):
tanΘ = dw / 1
Find distance that left end moved down (let’s call it df):
tanΘ = df / 2

Since both equal tanΘ, we can say that dw = df / 2or df = 2dw
W = Fd
Work in must equal work out (energy all conserved in the system):
F * df = F * dw
F * 2dw = 10dw
F = 5N

ß subbed out our df for 2dw

So, only 5N of force was need to lift the 10N weight on the other end, but the 5N of force
had to be applied for twice the distance that the 10N weight moved. Logical when you look
at the formula W=Fd.
This concept is called mechanical advantage (MA)
MA = Fo / Fi
• Mechanical advantage (MA)
• Output force (Fo)
• Input force (Fi)
In this scenario, MA = 10N / 5N = 2
Although we figured out df and dw using SOH CAH TOA etc., these triangles are
proportional, so a simpler way to do this problem would just be to look at the distance
from the pivot point (e.g. 2m and 1m in this scenario). If you plug these distances into the
work formula, you won’t be able to determine the work done, but you can determine MA.

Power
Recall, work is equal to the energy you give or take away from something.
Two weight-lifters lifting the same weight but at different paces (e.g. one is lifting the
weight twice as often) are doing the same amount of work.
So how do we distinguish between what the fast and slow weight-lifters are doing?
POWER is the rate at which someone or something does work.
P = W/t
• Power (P) in watts (abbreviated as W) (same as J/s)
• Work (W) in joules
• Time (t) in seconds
Example: finding average power:

Instantaneous power – the power output of a force at a particular moment in time.
To find the instantaneous power (without using calculus), use the following formula:
Instantaneous power = F v cosΘ
• Force (F)
• Velocity (v)

Simpler if force and velocity are in the same velocity (since cos(0) = 1)

Fluids at Rest
Pressure and Pascal’s principle (parts I and II)
Fluid – anything that takes the shape of its container
• Includes both liquids and gases.
o Gases are compressible.
o Liquids are negligibly compressible.
Pascal’s principle – any external pressure that is applied to a fluid is distributed
throughout the fluid equally
P1V1 = P2V2
P = F/A
• Pressure (P) = Force (F) / Area (A)
• Pressure is measured in Pa (Pascals, same as N/m2)
Example: Container filled with water (a liquid and therefore negligibly compressible) and
with two openings (opening 1 and opening 2). The areas of each opening is A1 = 2m2 and
A2 = 4m2. A piston is used to push down on the water in opening 1 with a pressure of 10 Pa.
At what force will a piston at opening 2 get pushed out?
Volume is staying constant, so V1 = V2
Po = Pi = 10 Pa
Pi = Fi/A1
10 Pa = Fi / 2m2
Fi = 20 N
Po = Fo/A2
10 Pa = Fo / 4m2
Fi = 40 N
Mechanical advantage = 40/20 = 2

Pressure at a depth in a fluid
Lecture focuses on deriving the formula for pressure from a number of other key formulas:

Fw = mg
• Downward force (F) i.e. force of weight
• Mass of liquid (m)
• Gravity (g)
ρ = m/V
• Density (ρ) Units: kg/m3
• Mass of liquid (m)
• Volume of liquid (v)
• ρwater = 1000 kg/m3
From the above two equations, we can determine that the force of weight of an object in a
liquid is
Fw = Vobject * pobject * g
V = hA
• Volume of liquid (V)
• Height (h)
• Area (A)
P = F/A
• Pressure (P) (e.g. downward pressure)
• Force (F)
• Area (A)

From these formulas, we can derive the following formula:
P = ρhg
• Pressure (P)
• Density (ρ)
• Height (h)
• Gravity (g)

Example: What is the pressure in the ocean at a depth of 10m?
P = ρhg
P = (1000 kg/m3)(10m)(9.8 m/s2)
P = 98,000 Pa

Specific gravity (SG)
Specific gravity (SG) – the density of a fluid as compared to the density of water.
• A unit-less fraction of ρobject / ρwater
• ρwater = 1000 kg/m3
•

Example: Mercury has a specific gravity of 13.6, meaning that is 13.6 times more
dense than water.
o ρmercury = 13.6 x 1000 kg/m3

•

For an object that floats in water, the SG will tell us the fraction of the object that
will be submerged in the water.
o Example: SG of ice is 0.92, meaning that 92% of an ice-cube or ice will always
be submerged
§ As the ice melts, the water level in a beaker will NOT change.
If SG > 1, the object will be fully submerged (i.e. will have 100% of its volume
submerged, meaning that it will sink. Logical, since a SG > 1 means that the object is
DENSER than water).
The density fraction of an object over any fluid will tell us the % submerged.
o e.g. cube (ρ = 638 kg/m3) put in a vat of oil (ρ = 850 kg/m3)
o 638 kg/m3 / 850 kg/m3 = 0.75, so 75% of the wood’s volume will be
submerged beneath the oil.

•

•

Finding height of fluid in a barometer
Example: Bowl of mercury (specific gravity (SG) = 13.6, and therefore ρmercury = 13.6 x 1000
kg/m3) with an upside-down test-tube in the middle (assume vacuum inside test-tube).
Downward pressure acting on the mercury is 1atm (i.e. normal atmospheric pressure).
How high has the mercury gone up in the test-tube?

A note on Units of pressure:
• 1 atm – a unit of pressure defined by the downward pressure of the air at sea-level
in Paris.
• 1 atm = 103,000 Pa = 103,000 N/m2
In a liquid system, pressure pushing down by the atmosphere (and therefore pushing
upwards from the liquid in the bowl and into the test-tube) equals the pressure pushing
down from within the tube
• From this, we can infer that 1 atm of pressure is acting upwards from the liquid in
the bowl and into the test-tube, and also that 1 atm of pressure is acting downward
from the liquid in the test-tube and into the bowl.
P = ρhg
103,000 Pa = (ρmercury = 13.6 x 1000 kg/m3)(h)(9.8 m/s2)
h = 77 m
Thus, fluid up to a mark of 77m on the tube indicates 1 atm of pressure acting on the
system. This is the basis of a barometer.

What if there is gas inside the tube, instead of a vacuum?
• If there was not a vacuum in the test tube, then pressure acting downwards would
be the sum of the pressure of the liquid plus the pressure of the gas.
• Thus, the pressure of either of these individual components (liquid or gas in the test
tube) must be less than atmospheric pressure.
o Example:

Archimedes Principle and Buoyant Force
For an object submerged in water, it will experience a higher pressure near the base than at the top
(recall: P = ρhg)
Since P = F/A, and P varies by depth, and the top and bottoms of the object are at slightly different
depths… the force exerted on the object by the water pressure will be different at each
surface of the object (e.g. top of object vs. bottom of object).
The different in forces between the two surfaces of the object is equivalent to the buoyant force
(Fb) – the force that ‘tries to’ keep objects afloat.

Fb = Fw = Vwaterρwater g
•

Fb is buoyant force, Fw is the weight of the water that the object displaces

Example 1:
Wobject out of water = 10 N

Wobject in water = 2 N

Thus, the Fb = 8 N = weight of the water the object displaced
Weight of the water the object displaced = Fb = Vwater * ρ * g
Solve for Vw
Vw = Weight of water the object displaced / ρ * g
Vw = 8 N / (1000 * 9.8)
Vw = 8.2 x 10-4 m3
Thus, just by knowing the change in weight of an object (out of water versus in water), you can
figure out the Fb, and from there you can determine that volume of the water.
Example 2: Cube of balsa wood (ρwood = 130 kg/m3) floating in water. What percentage of the
cube is submerged in the water?
Recall: Weight of an object in a liquid = Fg = Vobject * ρobject
Fg = Vwood cube * ρwood * g

Recall: Fb is the weight of the water displaced.
Fb = Vsubmerged * ρwater * g

Cube is at rest (i.e. constant velocity of 0 m/s), so net forces = 0:

Fg = Fb

Vwood cube * ρwood * g = Vsubmerged * ρwater * g
Vsumerged / Vwood cube = ρwood / ρwater = SG = 130 / 1,000 = 0.13 = 13%

Note that how we set this up eventually lead us to finding our specific gravity (SG), showing how
the SG can be used to determine the percentage of an object that will be submerged while floating
(detailed in a previous lecture).

Buoyant Forces (from ‘The buoyant force does not get smaller as you sink”)
Buoyant force – the force that allows a resting submarine to stay afloat.
• Buoyant force is independent of the surrounding pressure (i.e. stays the same
regardless of how deep into the ocean you go)
o Why? Water is incompressible (i.e. the density of water is the same at any
depth), and the volume of the submarine is the same at any depth, so the
submarine displaces the same amount of water, regardless of whether it’s
just below the surface or at the bottom of the ocean.
o Another way to think of it: buoyant force is equal to the weight of the water
that the object displaced. Regardless of depth, the weight of the water that
the object displaced doesn’t change, so neither does buoyant force.
• The submarine must use a propeller to push against the buoyant force and drive the
sub deeper into the ocean.

Compression of the thick walls allows the inside of the submarine to maintain a relatively
constant pressure, even in the face of rising external pressure.
By default, submarines float because they are less dense than the surrounding water.

•
•

Even though the steel walls are much denser than the surrounding water, the
enclosed air is much less dense, and so the overall density of the submarine is less
that water, causing it to float.
The submarine has to actively use energy (i.e. a spinning propeller) to push itself
against the buoyant force and in the direction of gravity.

Archimedes’ principle is used to calculate the size of buoyant force:
•
•
•
•

•

Bouyant force (Fb) – works against Fg and Fpropeller
Density of water (dwater) – roughly 1g/cm3
Volume of submarine (Vsub)
Acceleration of gravity (g)
o Gravity appears in the equation because the buoyant force of an object
equals the total weight of water that it pushes out of the way (and weight of
water depends on gravity).
Fb = ρwater * Vobject * g = Weight of the water the object displaces.
o
o

Recall: Weight is a force, which explains why Fbuyoancy = Fweight of water the object displaces

ρ is the proper symbol for density.

However, Fg and Fpropeller both work against Fb
Net force acting on the submarine:
•
•
•

Force that the propeller exerts during the dive (Fpropeller)
Mass of submarine (Msub)
Acceleration of gravity (g)

•

Forces acting to float the sub MINUS forces acting to sink the sub:
o If Ftotal is positive, the submarine floats upwards
o If Ftotal is negative, the submarine sinks.

While submarines have thick walls that hold out the external pressure (i.e. keep the
internal pressure relatively constant), scuba divers do not have the same luxury:
• Since the amount of dissolved gasses in the bloodstream is related to the pressure
they are diving at, when you scuba dive with a pressurized air tank, the amount of
dissolved nitrogen in your bloodstream increases as you go deeper.
• If you attempt to re-surface very quickly, the dissolved nitrogen will suddenly exit
your bloodstream in the form of tiny bubbles that can disrupt or damage your BVs
(causing decompression sickness or ‘the bends’, which can be life-threatening).
• This can be avoided by carefully controlling the rate of re-ascent during a very long
dive.

Fluids in Motion
Volume, flow rate, and equation of continuity
Laminar flow – flow of a fluid with no turbulence
Volumetric flux (R)
• A measure of flow rate – how much (the volume) of a fluid crosses a surface over
time
•

Two ways to get volumetric flux:

•

R=V/t

o Volumetric flux (R)
o Volume (V)
o Time (t)
•

R = Av
o Volumetric flux (R)
o Surface area (A)
o Velocity (v)

Units: m3/s

Units: m3/s

Equation of continuity… R = A1v1 = A2v2
• Input surface area (A1)
• Input velocity (v1)
• Output surface area (A2)
• Output velocity (v2)
•

Assumptions:
o Laminar flow
o Fluid has no viscosity

Bernoulli’s equation (parts I-IV), example problems, and the Venturi effect
Bernoulli’s equation…
P1 + ρgh1 + ½ρv12 = P2 + ρgh2 + ½ρv22
• Assumptions:
o Laminar flow
o Fluid has no viscosity
• Used to compare energy changes between 2 situations.
o Essentially a statement of the conservation of energy for flowing fluids.
• Major concept: Bernoulli effect (↑Fluid velocity = ↓Fluid pressure)
o Fluid pressure is increased when fluid speed (velocity) decreases
o Fluid pressure is reduced when fluid speed (velocity) increases
o May seem counterintuitive, so think of it this way:
§ In the high velocity flow through an area of constriction, kinetic
energy must increase at the expense of pressure energy.
o Venturi effect – when a fluid flows through a constricted section of a pipe or
vessel, there will be a reduction in fluid pressure.

EXAMPLE:
Given:
• P1 = 10,000 Pa
• P2 = 6,000 Pa
• A1 = 2 m2
• A2 = 0.5 m2
• ρwater = 1,000 kg/m3
• Assume laminar flow

Find: Flow (aka volumetric flux, R) through the pipe.

Step 1: Create terms for velocity (v1 and v2) from surface area (A1 and A2) and volumetric
flux (R)
R = Av
•
R = A1v1 = A2v2
•
R = (2)v1 = (0.5)v2
•
v1 = 0.5R
•
v2 = 2R
•
Step 2: Simplify Bernoulli’s equation by canceling terms that we can.
• Bernoulli’s equation:
P1 + ρgh1 + ½ρv12 = P2 + ρgh2 + ½ρv22
• The midpoint of the pipe entrance and exit is equal, so height (h) is said to be equal
on either side, so we can cross out the (ρgh) terms on both sides of the equation.
o P1 + ρgh1 + (ρv12 / 2) = P2 + ρgh2 + (ρv22 / 2)
Step 3: Plug in variables that we know:
•

10,000 + ½(1,000)(R/2)2 = 6,000 + ½(1,000)(2R)2

Step 4: Solve for R:
• R = 1.46 m3/s
o Represents the volume of water entering or exiting the system per second

Stagnation pressure and the Pitot tube
Scenario: A fluid (e.g. air) flowing towards a wall. Some of the air will go up, some will go
down, but a small portion in the middle that essentially just terminates, gets ‘stuck’. The
pressure of this stuck air is the stagnation pressure (Ps) (P2 in the diagram).

So height (h) is equal at both points, and the velocity at point2 = 0.
If we incorporate this information into Bernoulli’s equation…

P1 + ρgh1 + ½ρv12 = PS + ρgh2 + ½ρv22
Tidying up, we get the following formula: PS = P1 + ½ρv12

(Venturi effect equation)

This has useful applications, and constitutes the logic behind the pitot tube:
• Measures fluid velocity (or velocity of an object moving through a fluid)

Assume that the device is small and that height (h) is negligible.
Two ‘chambers’:
• One chamber (red) traps air and produces stagnant fluid.
• The second chamber (top) has air flowing right over the top.
• The device allows us to measure the pressures in each chamber (PS and P1), and by
rearranging the Ps formula we can use our known PS, P1, and fluid density to
determine the velocity of the fluid, or the velocity of the object moving through the
fluid.
o Example: Pitot tube used to determine the velocity at which an airplane (and
object) is moving through the air (a fluid)

Viscosity, Viscous force, and Poiseuille’s law
Moving a lid (red) along the surface of a container filled with a liquid.
------>

Adhesive forces between the fluid and the lid (on a molecular level) mean that as the lid is
pushed along, it ‘drags’ the uppermost layer of water molecules along with it, which then
drags the layer of water molecules below it, etc., creating a velocity gradient.
Newton’s 3rd law tells us that if the lid is exerting a force to the right on the fluid, then the
fluid is going to exert a force on the lid in the opposite direction (i.e. to the left). This force
is the viscous force (Fv), the fluid friction for liquids.
Fv = η Av / d
• Force of viscosity (Fv)
• Coefficient of viscosity (η)
o Units: Pascal seconds (Pa•s)
o Units: Poise (P)
§ 1 Pa•s = 10 P
§ 1 mPa•s = 1 cP
•
•
•

•

milli- is 1/1000

•

center- is 1/100

Area (A)
Velocity (v)
Depth (d)

Air
Water at 0oc (but not yet frozen)
Water at 20oc
Blood
Oil

η = 0.018 cP
η = 1.8 cP
η = 1.0 cP
η = 3-4 cP
η = 200 cP

Coefficient of viscosity (η) is highly dependent on temperature.
• In general, hotter version of a liquid are less viscous (‘more flowy’)
Newtonian fluid:
• Coefficient of viscosity does not depend on velocity (i.e. the speed at which the fluid
is flowing)
Non-Newtonian fluid
• Coefficient of viscosity depends on velocity (i.e. the speed at which the fluid is
flowing)

Poiseuille’s law – used to find flow rate when the fluid has viscosity, i.e. considers the
viscous loses resulting in a lowering of the pressure as you progress along a pipe.

•
•
•
•
•
•

Flow rate (V/t)
Pressure gradient (Δp)
Pi, a constant (π)
Radius of tube (R)
Coefficient of viscosity (η)
Length of tube (L)

Assumptions:
- Newtonian, viscous fluid
- Laminar flow

Turbulence at high velocities, and Reynold’s number (Re)
The unitless Reynold’s number (Re) predicts is used to predict at which speed flow will
shift from laminar to turbulent flow.
• This coincides with the speed at which Poiseuille’s law no longer gives you an
accurate description of fluid flow.
Vcritical = (Re⋅η) / (2ρr)
Re blood is around 2,000

Surface tension and adhesion
Scenario: carefully drop a needle flat into a glass of water. Since the needle is denser than
water, it should theoretically sink. However, it floats until we push it just below the surface
of the water, and from there it will proceed to sink.

Why does the needle float?

•

Water has surface tension due to the water molecules being attracted to each
other (cohesion) and forming hydrogen bonds with each other.

Why is this limited to the surface only?
• Water molecules under the surface are restricted because they are being attracted
in all directions by neighboring molecules (above, below, and either side).

•

However, the water molecules that make up the top layer (the liquid / water
interface) have no water molecules above them, and so they are more free (less
restricted) to group together and form stronger/tighter bonds in such a way that
they form a TENSION that is absent in the bulk of the liquid (below the surface)

•

As a result, these molecules can sustain some pressure from above (e.g. a needle
resting on the surface)

Applications:
• Bile present in the urine lowers the surface tension of the urine. This can be used as
a test for whether the liver properly metabolizing.
• Surface tension of rain on a tent.
• Using soap when you wash your hands lowers the surface tension, which breaks
any clumps of water molecules that have formed, allowing these molecules to better
penetrate into the smaller cracks of the hands for an overall better hand-clean.
Cohesion – water molecules being attracted to each other
Adhesion – water molecules being attracted to other materials, which leads to…
• Formation of a meniscus (an upwards or downward curve at the surface of a
liquid)
• Capillary action (because the water molecules are attracted to the walls of the
inner wall of the capillary tube)
o The smaller the radius of the tube, the greater the effect.

o Capillary action is physiologically important in many cases to aid the
movement/transport of fluid

Resistance in a tube
R = 8ηL / πr4
• Resistance (R)
• Coefficient of viscosity (η)
• Length of tube (L)
• Pi constant (π)
• Radius of tube (r)
o e.g. vasoconstriction or vasodilation of VSM in arterioles changes the
resistance to blood flow
Resistance is proportional to one over the radius to the power of four

R ∝ 1/ r4

Two circulations in the body

RBCs have no Mt and thus have no need to use oxygen themselves – only purpose is to carrying oxygen
around.
The heart and lungs are organs, and thus need a blood supply, just like any other organ. Systemic circulation
services these organs:
• Coronary vessels:
o Coronary arteries are the first branches off the aorta
o Coronary veins drain directly into the right atrium.
• Bronchial vessels:
o There is a large degree of mixing of blood between blood of the systemic circulation (arising
from the bronchial vessels) and blood of the pulmonary circulation.

Arteries and veins – key differences
CHARACTERISTIC
Direction of flow
Pressure
Volume

ARTERIES
Carry blood away from the heart
High pressure
Low volume

Valves required to maintain
unidirectional flow.

✗

VEINS
Return blood to the heart
Low pressure
High volume
• Most of the body’s blood
at any given time is in the
venous system
✓

Pressure, resistance, and flow
TPR – total peripheral resistance
Q = ΔP / R
• Flow (Q)
o A measure of volume of blood / minute
o e.g. Cardiac output (CO)
CO = HR x SV
• Cardiac output (CO)
o A type of flow (Q)
• Heart rate (HR)
• Stroke volume (SV)
Q = ΔP / R can be rearranged to solve for total peripheral resistance (TPR), a type of resistance
• TPR = ΔP / Q

Gas Phase
Absolute temperature and the kelvin scale
Temperature – a measure of the average kinetic energy (KE) of the particles in a system
• ↑KE = ↑Temperature
Scales of temperature:
• Kelvin
o TK = TC + 273.15
o The units of Kelvin and Celsius are of the same magnitude.
o Can only have positive values
o Absolute zero (TK=0) refers to a complete lack of particle movement (KE = 0)
• Celsius
o Can have both positive and negative values
• Fahrenheit
o TC = 5/9 (TF – 32)
o Can have both positive and negative values
o Celsius and Fahrenheit cross paths at -40°

Pressure and the simple mercury barometer
Gas phase:
• Molecules don’t have a definite shape or volume (i.e. molecules are moving freely
through space).
o KE > PE
o Energy of their motion (KE) is greater than the PE of the intermolecular
forces that might hold these molecules together as a solid.
• Exerts pressure on its surroundings (e.g. the pressure inside a balloon can be
attributed to the force exerted by the gas particles as they collide with the balloon
wall).
• P = F/A
o Pressure (F)
o Force (F)
o Area (A)
o ↑ Temperature = ↑ KE of particles = ↑ Velocity of particles via ↑ Acceleration
of particles = ↑ Force of particles (recall: F=ma) = ↑ Pressure (recall: P=F/A)
o ↑Moles of gas (i.e. number of particles) = ↑ Frequency of collisions of
particles with surroundings = ↑ Pressure
o ↓ Volume of surroundings = ↑ Frequency of collisions of particles with
surroundings = ↑ Pressure

o In summary, an INCREASED pressure can occur in 3 major ways:
§

INCREASED temperature

§

INCREASED moles (of gas)

§

DECREASED volume (of surroundings)

Simple mercury barometer

•

•
•

The premise:
o Mercury in the tube is exerting a downward pressure on the mercury in the
dish.
o Mercury in the dish then pushes upwards against the atmospheric air.
o When the pressure of the rising mercury matches the downward pressure of
the atmosphere, the mercury in the tube cannot flow anymore.
PSEA LEVEL= 760 mm Hg = 760 torr = 1 atm (atmosphere) = 101,325 Pa
Why is pressure lower at higher elevation?
§ There is less air pushing down on the mercury in the dish, so more
mercury can escape from the tube.

Boyle’s law –

P1 V 1 = P2 V 2

Example:

Boyle’s work showed that volume (V) is inversely proportional to pressure (P).

Charles’s law –

V1/T2 = V1/T2

Note: convert temperature to Kelvin first to avoid using negative numbers
Example:

Charles’s work showed that volume (V) is directly proportional to temperature (T)

Avogadro’s law –

V 1 / n1 = V 2 / n2

Avogadro’s work showed that volume (V) is directly proportional to moles (n).
Side note:

Avogadro’s number = 6.02x1023 molecules/mol

Example:

(1) Total moles = 0.15 mol + 0.82 mol = 0.97 mol
n1 = 0.82 mol
n2 = 0.97 mol
(2) Percent increase: (n2 – n1 / n1) * 100 =
(0.97–0.82 / 0.82) * 100 =

0.15 / 0.82 * 100 …
0.15 / 0.82 is between 0.15 / 1.00 (15%) and 0.15 / 0.75 (20%)
Thus, we can conclude that our answer will be between 15 and 20%
(actual answer is 18.3%)
(3) Rearrange formula to get volumes on one side and moles on the other:
n1 / n2 = V1 / V2
Since n1 / n2 = V1 / V2, the percent increase in total molar volume is proportional to the
percentage increase in total volume.

Definition an ideal gas, Ideal Gas Law, STP, and Molar volume
Definition of an ideal gas:
• Must obey 3 conditions/assumptions:
o 1) Gas molecules must not exhibit intermolecular forces
§ Allows us to assume that all KE is dedicated to the pressure.
o 2) Gas molecules have ‘no volume ‘
o 3) All collisions are perfectly elastic
§ Allows us to assume that no KE is lost in the collision of these
molecules either with each other or with the container (i.e. all KE is
dedicated to the pressure)
• No gases are truly ideal.
Ideal Gas Law – builds upon the relationships between variables that were established by
Boyle, Charles, and Avogadro:
• PV = nRT
o Pressure (P)
§ Units: Varies, could be atm or Pa (use appropriate R accordingly)
o Volume of container (V)
§ Units: m3
o Moles (n)
o Gas constant (R)
§ 0.0821
atm•L / mol•K
§ 8.314
J
/ mol•K
N•m / mol•K
Pa•m3 / mol•K
kPa•L / mol•K
o Temperature (T)
§ Units: Kelvin (K)

Standard temperature and pressure (STP)
• T = 273 K (0oc)
• P = 1 atm
Molar volume
• 1 mol of gas = 22.4 L

Van der Waals (VdW) Forces in the Ideal gas law
Ideal gases:
•

•

Ideal gases – (recall) 3 assumptions:
o No intermolecular forces between gas particles
o Gas molecules have no volume
o Collisions are perfectly elastic (not considered in this lecture)
PV = nRT (PV is constant at any pressure)

Real gases:
•
•

Real gases – molecules have attractive forces (VdW forces) between them
PV ≠ nRT (PV deviates from nRT, meaning that PV is not constant at all pressures)

Corrected ideal gas law equations are used to perform calculations on observations of real gasses
Observations of REAL gases are put into terms of an IDEAL gas by considering the intermolecular
forces between gas particles, and by considering the volume of the gas molecules.
This allows us to make a real gas appear like an ideal gas in a mathematical sense (i.e. PV again
becomes constant at all pressures)

Correcting for INTERMOLECULAR FORCES BETWEEN GAS PARTICLES:
•

At a fixed # of moles AND a fixed volume, the pressure of a real gas will be LOWER than an
ideal gas
o This is because we are assuming that there are intermolecular forces that are
attractive

o

o

o

Since these forces are attractive, we define a term, a (attractive factor), to be
positive
§ If the gases had electrostatic repulsion, we would make the "a" term
negative.
The amount of attraction is proportional to the concentration of the gas, (n/v)2
§ The concentration term is squared because the forces increase
exponentially, since they are attracted not to just one point but to all the
other gas particles.
This gives us a new term for P:
Pideal = Preal + a(n/v)2

Correcting for VOLUME OF GAS MOLECULES:
•

At a fixed pressure and # of moles, a real gas will have to occupy MORE volume than an
ideal gas, since the gas molecules/atoms have a volume of their own.
o We define a term, b (bigness factor), which is always positive, since volume is
always >0
o b*n – tells us the total volume that the gas molecules occupy
o This gives us a new term for V:
Videal = Vreal – bn

Finally, we can rewrite our equation (PV=nRT) to get our VdW equation:

Note: subscript ‘r’ just means real, i.e. our real gas, our observation

Partial pressure
Quantity:
Temperature:
Volume:
Proportions:
(by weight)

2100g of gas
0 °c
4m3
O2
30.48%
H2
2.86%
N2
66.67%
Partial pressure requires you to find the proportion of each gas by moles (i.e. how many
molecules of the gas are present), not the proportion by weight. Thus, you will need to

calculate the moles of each in the mixture, then find the total pressure of the system, and
then find the partial pressures by multiplying the total pressure by the molar proportion.
Calculate moles of each
(0.6667)(2100g) = 1400g
Molar mass of N2 = 28 g/mol
Moles of N2 = 1400g / 28 g/mol
Moles of N2 = 50 mol
Same steps for the other gases gives the following:
Moles of O2 = 20 mol
Moles of H2 = 30 mol
50 + 20 + 30 = 100 moles total
Find total pressure
PV = nRT
P(4 m3) = (100 mol)(8.3145 m3•Pa/mol•K)(273 K)
P = 56,746 Pa
P = (56,746 Pa) / (101,325 Pa/atm)
P = 0.56 atm
Find partial pressures
Partial pressure = Total pressure * Proportion of total moles
PN2 = 0.56 atm * (50 mol / 100 mol)
PN2 = 0.28 atm
Same steps for the other gases gives the following:
PH2 = 0.168 atm
PO2 = 0.112 atm

Kinetic molecular theory of gases
Boltzmann’s constant
Boltzmann contributed the kinetic-molecular theory of temperature:
• Example: when you put your hand over steam, you experience the sensation of
temperature.
o The heat energy is simply the KE of the water molecules moving around.
o The higher the temperature, the faster the molecules move, and the higher
the KE, meaning that more energy is transferred when the molecules collide
with your hand, giving the sensation on a hotter temperature

o ↑ T = ↑ KE
Boltzmann’s constant (kB)
PV = N * kB * T
o Pressure (P)
o Volume (V)
o Number of molecules (N)
o Boltzmann’s constant (kB)
§ 1.38 x 10–23 J/K
o Temperature (T)
This is essentially the same as the ideal gas law (PV = nRT), except this formula uses the
number of molecules instead of the number of moles.
What’s the point? This new formula allows us to write a more microscopicallyorientated version of the ideal gas law (focusing on number of molecules rather than
number of moles).
Since you need to multiply by the number of moles by Avogadro’s number (6.02x1023
molecules / 1 mol) to convert from moles to number of molecules, we need to divide the
constant (R) in the original equation by Avogadro’s number in order to keep the new
equation rue.
Thus, this new constant, kB (Boltzmann’s constant), is simply gas constant (R) divided by
Avogadro’s number.

Kinetic molecular theory of gases
Kinetic molecular theory of gases
• The macroscopic properties of gasses (pressure, volume, and temperature) are
dependent on the microscopic properties of the gas (position, velocity)
Video derives the following formulas (which work only for monatomic ideal gasses):

Change in internal energy (ΔU)
Pressure (P)
Change in volume (ΔV)
Number of molecules (N)
Boltzmann’s constant (k)
Change in temperature (ΔT)
Moles (n)
Gas constant (R)
Change in temperature (ΔT)

Heat Capacity at Constant Volume & Constant Pressure
A gas inside of a container with a piston on top will have a total internal energy (Uint).
Total Internal Energy (Uint) is a measure of the total KE of the gas inside the container.
•

Uint = KEint

We can add energy to our system (i.e. increase the total internal energy, or increase the total
internal KE) by transferring heat (Q) (e.g. heat container using a flame) or doing work on the gas
(+W) (e.g. pushing down on the piston)

First law of thermodynamics:
•
•

ΔU = Q + ΔW
States that there are two ways to add internal energy to a gas

Deriving formulas for heat capacity (when velocity is constant, or when pressure is constant):
For a gas, we can always find the change in total internal energy (ΔU) in serval ways:

For a gas, the diagram below shows how we can derive a formula for work done by the gas, finding
that W=PΔV (only true if pressure is constant)

By knowing how to calculate these values, we can determine the heat capacity (C) of a gas
(provided it has both a constant volume and constant pressure). The heat capacity tells us how
much heat (Q) we must add to a system to change its temperature. Therefore C = Q/ΔT
Molar heat capacity

C = Q/nΔT

An isobaric system (system that is free to expand its volume) (e.g. movable piston on top of the
chamber) will have a GREATER HEAT CAPACITY than an isochoric system (system with a
constant or ‘fixed’ volume) (e.g. an immovable piston on the top of the chamber).

Isochoric system (constant volume)
We can find the heat capacity at constant volume (Cv).
Recall: Heat capacity is the ratio of the heat transfer to change in temperature (Q/ΔT).
For a fixed (constant) volume, no work can be done, since W=PΔV.
Thus, ΔU = Q + ΔW

can be simplified in this case to ΔU = Q

If we sub in this new expression for Q into our C = Q/ΔT formula, we get Cv = ΔU/ΔT.
Recall that ΔU can also be expressed as (3/2)nRΔT, so we can sub that in to.

Now the expression becomes:

Isobaric System
In this situation, the volume of the system can change as we add heat (e.g. piston is allowed to
move as we add heat - as heat is added, the piston moves up, meaning that although volume is
change, pressure is remaining constant).
Thus, with a changing volume, work is relevant in this case, and since the system is doing work on
the environment, work is going to be negative in this case: ΔU = Q - ΔW
C = Q/ΔT
Q = ΔU + ΔW

ΔW = PΔV

(which we can say, since P is constant).

If we stack the formulas into one by subbing in ΔW into the Q equation, and then Q into the C
equation, our heat capacity expression becomes:

First, we always know the change in in total energy: ΔU = (3/2)nRΔT.
Second, we know that PΔV = nRΔT.
So we substitute both expression into our Cp equation.
Notice that our ΔT can cancel out with the denominator, which gives us:

We can add these terms together get:

Once again, here we have a heat capacity for "n" moles of gas. To get the molar heat capacity, just
divide out the "n" to give us Cp = (5/2)R

TAKE HOME MESSAGES:
•
•

Uint = KEint
First law of thermodynamics (ΔU = Q + ΔW) states that there are two ways to add
internal energy (Uint), or in other words – to ways to increase KEint:
o By transferring heat (Q) (e.g. heat container using a flame)
o By doing work on the gas (+W) (e.g. pushing down on the piston)

•

Isochoric system – constant volume

Heat capacity at constant volume =
Molar heat capacity at constant volume =

Cv = 3/2 nR
Cv = 3/2 R

•

Isobaric System – changing volume (allowing constant pressure)
Heat capacity at constant pressure =
Cp = 5/2 nR
Molar heat capacity at constant pressure =
Cp = 5/2 R

•

Cp – Cv = nR

Electrostatics
Introduction to electrical forces
(from KA text-based resource)
Electric force – the force that repels similar charges and attracts opposite charges.
• The magnitude of attraction or repulsion decreases as the distance between two charges
increases
We are mostly concerned with electric force in relation to the protons (+) & electrons (–) of atoms:
• Electric force cause electrons to move between atoms, causing changes in the structure or
composition of the atom.
• Electric forces are responsible for almost every single biochemical reaction, such as those
that occur in our body.

Triboelectric effect, Charge
Triboelectric effect
• ex. rubbing a balloon against your hair causing your hair to stand up on end.
• ex. static shocks
• ex. lightning
Charge
• Simply a physical property that some objects have
• Positive (+) or negative (–)
• Opposite charges attract, similar charges repel.
• ex. protons (+) and electrons (–) each have a different charge properties.
o Helps explain the triboelectric effect – when you rub the balloon against your hair,
the balloon ‘grabs’ electrons from your hair.
o Balloon gets more negatively charged, hair loses electrons so gets more positively
charged.
o Thus, when the balloon is held close to the hair, the opposite charges will attract,
causing your hair to be attracted to the balloon, causing it to stand on end.

Units of charge (q)
• Charge of one proton
• Charge of one electron
• Charge of one coulomb

=e
= –e
=C

= 1.60x10–19 C
= –1.60x10–19 C
= 6.24x101 e

Coulomb's Law
Coulomb’s Law predicts the force of attraction or repulsion between two charges

Fe = k⋅|q1|⋅|q2| / r2
o Magnitude of electrostatic force (Fe)
o Coulomb’s electrostatic constant (k)
§ ≈ 9x109 Nm2/C2
o Charge (q)
§ Take absolute value
o Distance between charges (r)
Interestingly, this law mirrors Newton’s law of gravitational force between two objects:

Example of Coulomb’s Law:
GIVEN:

FIND: magnitude and direction of force between the two objects
Magnitude:
Fe = k⋅|q1|⋅|q2| / r2
Fe = (9x109)(5x10–3)(1x10–1) / 0.52

Fe = 1.8 x 107
Direction:
The charges are opposite, so this is an attractive force

Electrical fields
Electric field – a charged object or particle creates a ‘force field’ that affects the space around it,
which illustrates the direction the electric force would push/pull a second, hypothetical charged
object or particle.
• We can predict how the electric field of the first object/particle will affect the second,
hypothetical object/particle.
• By convention (when talking about electrical fields), the second, hypothetical
object/particle that is being influenced by the field has a (+) charge.
Eq1 = k⋅q1 / r2 = F/q2
• Electrical field of q1 (Eq1)
o Units: N/C (force per charge)
•
•
•
•
•

Coulomb’s electrostatic constant (k)
o ≈ 9x109 Nm2/C2
Charge that is creating the field (q1)
o Use absolute value
Distance (r)
Force between the charge creating the electrical field and a newly introduce charge (F)
o Units: N
Charge that is newly introduced into the field (q2)
o Units: C

Units of electric fields (N/C) should provide intuition into the formula, and should help remember the
relationship between the variables.
Example 1
Scenario: point charge (+1x10–6 C) sitting in a vacuum.
Question: What is the electrical field (E) at a distance of 2m away from the charge?
Answer:
Eq1 = k⋅q1 / r2
E q1 = (9x109)(1x10–6 C) / 22
E q1 = 2,500 N/C
Question:

What is the force exerted on a newly introduced charge (q2 = +1C)
placed at this distance?

Answer:
F = q2 ⋅ Eq1
(rearranged the formula from above to get force alone)
F = (1 C) (2,500 N/C)
F = 2,500 N
Question: Which direction is the force in?
Outwards, since both forces are positive.

Example 2
Question: What is the force exerted on an electron (recall; qelectron = –1.6x10–19 C) placed in an
electrical field (E = +100 N/C)
Answer:
• F = q2 ⋅ Eq1
• F = (–1.6x10–19 C)(100 N/C)
• F = –1.6x10–17 N

Electric field lines
Recall: By convention (when talking about electrical fields), the second, hypothetical
object/particle that is being influenced by the field has a (+) charge.
Electric field lines radiate in straight lines…

… unless influenced by an equal magnitude of charge…

… or an unequal magnitude of charge:

The greater the density of lines, the greater the electric field:

Area of the two boxes is the same, but the red box captures 6 electric field lines,
while the blue box only captures 5. Thus, the electric field of the positive charge
is greater than that of the negative charge in this particular case.

Electrical potential energy
(from both the KA text-based resource and the electric potential energy video)
Electrical potential energy (PEe) – equivalent to the energy (work) that is required to move a
charge against the direction of the electric field.
• Magnet analogy:
o Energy is used to pull apart two magnets that are stuck together.
o The energy that you use to pull apart two magnets is stored as potential energy.
o When you let go of the magnets, they use the stored potential energy to ‘spring’
back together.
o Same idea with two magnets that are repelling.
o Same idea with electrically charged particles.
• More energy is required to move a charge further in an electrical field.
• More energy is required to move a charge in a stronger electrical field.

(Assuming the hypothetical particle is positively charged)

Example: +2C point charge in a positive electric field (E = 5 N/C)
Question: how much work does it take to move a +2C point charge a distance of 3m into the
electric field?
Answer:
Find the force at which the field is acting on the point charge at the starting point:
E = F/q
5 N/C = F/2C
F = 10 N

Thus, an equal force (10N) would be required to push the point charge downwards. Why?
• At first, there would actually be more than 10N to push the charge inwards (thus
creating acceleration and therefore causing the charge to move).
• However, the charge needs to stop and the slowing down requires negative
acceleration, one that is caused by decrease in force exerted and creates a negative
net force.
• Because we need more than 10N in beginning and less than 10N at the end, the
average force applied for the total work is 10N.
With this knowledge, we can use W = F⋅d to determine the work done:
W = F⋅d
W = (10N)(3m)
W = 30 N⋅m or J
By doing 30J of work on the particle, you have given it 30J of electric potential energy (PEe):
PEe = 30 J
Side note: If we were to ‘let go’ of the point charge,
by the time it got back to its starting position, all PE would be converted to KE.

This is specific to this particle (in this electric field).

Electric potential (at a point in space)
(from both the KA text-based resource and video electric potential at a point in space)
Be very aware that electric potential energy and electric potential are related but DIFFERENT
concepts. Voltage is also discretely different from electric potential.
Electric potential
• Electric potential – the electrical potential energy per unit charge at a particular
position in space (e.g. an electric field).
o i.e. a number associated with a particular position in space, irrespective of any
particular particle or charge
o There must be an electrical field (conferred by a charged particle or object) in order
for a particular position in space to have an electric potential.
• Allows us to find the difference in PEe between a charged object/particle at that particular
point in space and the charged particle/object that is producing the electrical field (i.e. how
many joules of potential energy is stored two charges)
o Provided we have the charge of the particle object, and we have the voltage, we can
determine the difference in PEe for any charged particle at a given position in space.
Formulas for electric potential (V)
o Initially finding the voltage for a particular point in space:
§ V = kq / r
• Electric potential (V)

o

•

o Units: J/C
• Coulomb’s electrostatic constant (k)
o ≈ 9x109 Nm2/C2
• Charge that is creating the voltage in the first place (q)
o Units: Coulombs (C)
• Distance between the charge and the point in space that you want to
determine the voltage of (r)
o Units: Meters (m)
Determine the PEe between two points after you’ve established voltage:
§ W = PEe = qV
• Work (W)
o Units: Joules (J)
• Electric potential energy (PEe)
o Units: Joules (J)
• Charge (q)
o Units: Coulombs (C)
• Electric potential (V)
o Units: J/C

Important distinction between electric potential and voltage:
o Electric potential is a number in J/C for one particular point in space
o Voltage is a change in electric potential; the difference between electric potential of
two different points in space.
§ Voltage = ΔV = ΔElectric Potential
• Unit: Volts (which = J/C)

Membrane potential (measured in mV) is an example of voltage – in this case, the difference in
electric potential between the interior and exterior of a biological cell:
• Cell membranes are continuous, two-dimensional sheets that are held together because the
molecules that form the membrane have a specific distribution of electric charges that
allow them to ‘stick together’, without dissolving in the water surrounding the cell.
• Since the membrane is held together by the attraction of opposite charges, it is possible to
overcome this attraction by applying a large electric potential across the membrane.
o This is used in some cells to open and close the cell membrane such that nutrients
and waste and enter and exit the cell, respectively.
§ In nerve cells, the electric potential across the membrane can be easily
changed, allowing the cells to carry messages encoded in their membrane
potential.

Conservation of Charge
Law of Conservation of Charge – states that in a closed system, all charge is conserved and thus
the sum (∑) of the charges (q) is a constant.
• *∑q = constant
• Even if there is a change in the number or type of particles present, total charge will remain
constant
Also true level of individual particles:
• If a particle decays (which they often do) into two or three new particles, the new particles
can have positive or negative charges, so long as the the sum of the charges of the new
particles equals the charge of the original particle.

•

Even particles that don’t have a charge (e.g. photons – light particles) can decay into
particles that do have charges

Conductors and Insulators
‘All’ materials can be classified either as an electrical conductor or an electrical insulator.
Similarities
Examples
Electron
movement
Effect of an
electrical field
or force

Conductors
Insulators
Composed from a huge number of atoms and molecules, which are themselves
composed of a positively charged, fixed nucleus, which is swarmed by
negatively charged electron cloud.
Metals (gold, copper, silver)
Glass
Wood
Plastic
Electrons can move around freely Electrons cannot move around freely
between atoms and travel
between atoms (lack the correct energy
throughout the conductor
levels and bands to do so)
Electrons begin migrating down
Nucleus and electron cloud shift to one
the line.
side, still within the atom, causing one
side of the atom to be more positive and
Charge flows through the
the other more negative.
conductor.

When this occurs in multiple atoms, there
is an overall electrical effect whereby the
insulator can interact with other charges
nearby and exert forces on them.

Effect of extra
negative
charge

Since movement is not restricted,
and negative charges repel each
other, the charges will distance
themselves from each other as
best as possible, which means
they’ll that the net negative
charge will allows reside on the
outside edge of a conductor

Thus, while charges can’t flow through an
insulator, they can still interact
electrically.
Negative charges cannot flow through the
insulator, so they remain in place

↳ Same is true if you add extra positive charge (which is simply done by removing negative charges)

How do you ‘charge’ an object?
Charge by PHYSICAL CONTACT
• Scenario: two gold rods, one with a net negative charge, and the other with no net charge
(i.e. equal number of positive and negative charges).
• Question: what happens if you touch the rods together?
• Answer: the negative charges of the first rod (which are distributed around the edge) want
to get as far away from each other as possible, and thus they will ‘jump’ to the second rod,
allowing them to spread out even more.
• Result: Previously uncharged rod is now charged.

Charge by INDUCTION
• Scenario: two gold rods, one with a net negative charge, and the other with no net charge
(i.e. equal number of positive and negative charges). The uncharged rod is grounded to
something that can accept or donate an ‘infinite’ number of electrons without much
consequence (e.g. the earth, a metal pipe in the earth, the metal frame of a car, etc.)
• Question: what happens if you bring the two rods into close proximity (but not necessarily
touching?
• Answer: first, the negative charges of the uncharged rod align on the side furthest away
from the negatively charged rod, while the positive charges of the uncharged rod align on
the side closest to the negatively charged rod.

↳ Ignore this bit for now –
it comes in in the net step

•

Next, many (not all) of the negative charges (electrons) of the originally-uncharged rod
leave and flow into the grounded object, causing the originally-uncharged rod to now have
a net positive charge.

•

If the wire connecting the rod to the ground is cut before moving the rods apart, then the
negative charges have no way to get back

•

Result: originally-uncharged rod is now positively charged and will remain that way
(provided that no further charge manipulation is done).

BALLOON EXAMPLE:
• Give a balloon by a negative charge through physical contact by rubbing it
against your hair.
• The balloon gains electrons (–) from your hair and thus becomes (–) charged.
• The balloon can now stick to a wall (or any other insulating material),
because even though the electrons in the insulator can’t move freely between
atoms, the electrons (–) and nucleus (+) can shift within the atom such that
the nucleus (+) is on one side of the atom, and the electrons (–) the other.
• This allows a force of attraction [blue arrows] between the (+) side of the
wall’s atoms and the (–) charge of the balloon, which allows the balloon to
stick to the wall (provided that the force of attraction is greater than the force
of repulsion [white arrows] between the (–) charges of each)

Current and Resistance
DC vs AC electrical circuits
(from KA text-based resource)
Direct current (DC) electrical circuits
• The transfer of energy between the battery and the bulb is due to the kinetic
energy of single electrons that move through the wires of the circuit.
• Allows only for simple circuits, such as a battery (a source of constant voltage)
connected to a lightbulb to make a flashlight.
• NOTE: the electrons move very slowly through direct-current (DC) electric circuits.
o This is fine for something as simple as a flashlight – the electrons don’t
actually need to move that fast to carry enough energy to light up the bulb.
o When you switch on a flashlight, it can take the electrons in the battery up to
a full minute to travel through the light bulb
o The reasons that the light comes on instantly is because there are already
many free electrons in the bulb’s filament and other parts of the circuit, so
there’s a net current from electrons moving throughout the entire circuit,
even though the electrons at any given point are moving rather slowly.
o The reason that the slow-moving electrons are able to get the work done is
because there is so many of them.
Alternating current (AC) electrical circuits
• Carry energy due to the coordinated vibrations of neighboring electrons, without
any net movement of the electrons through the circuit.
• When an AC circuit is activated, the power source starts ‘shoving’ on electrons at
one end of the wire.
• This ‘shoving’ is periodic – the closest electron to the source gets pushed forward a
tiny amount, but then gets pulled back.
• Overall, the electron doesn’t go anywhere, but since electrons repel each other, the
‘next electron in line’ will undergo the same pattern of movement, as will the next,
etc. all the way throughout the entire wire.
• Thus, all electrons will shift one way and then back to their original spot, with only
a negligible delay between this pattern of movement performed by the first electron
as compared to the last.

Since these ‘waves’ or ‘ripples’ transfer electrical energy (and thus do work without
actually requiring the electrons to travel very far), this makes AC circuits a very simple
example of how waves can be used to carry energy.
• Same idea when you throw a rock into a pond – the ripples travel throughout the
pond and cause leaves to oscillate on the water’s surface. This means that energy
has been transferred from the rock to the floating leaves, even though no single
water molecule has actually travelled all the way from the rock’s impact point to the
leaves.
• The energy is carried by the waves formed on the water’s surface, in which chains
of water molecules push and pull on each other in succession, transferring energy
without actually moving any molecules around.

Introduction to circuits and Ohm's law

DC power source
• For example: a battery (a supply of constant voltage)
Current (I)
• I = Δq/Δt
• Current (I)
• Charge (q)
• Time (t)
o ‘Current is the flow of charge per unit time’
•

Current, by convention, flows from (+) to (–)

o The reality is the opposite of the convention.
o Electrons actually flow from (–) to (+)
o The idea of current was discovered before electrons, so we’re stuck with this
backwards notation.
o Current isn’t a distinct, real thing - it’s notation.
Resistor
• When the electrons reach the resistor, there is less space for them to flow through,
and they start bumping into other electrons,
• This prevents the charge from going as fast as possible (i.e. a decrease in current – a
decrease in the rate at which the charge is flowing).
• The electrons throughout the rest of the circuit can only travel as fast as those
traveling through the resistor (electrons always want to ‘keep at arm’s length’ from
each other)
o Thus, the resistor dictates how fast the current flows.
Ohm’s Law:
• V = I⋅R
o Current (I)
§ Units: Ampere (amps, A), or C/s
o Voltage (V)
o Resistance (R)
§ Units: Ohm s (Ω)
• Rearranged, the formula is I = V/R, which logically states that current is
proportional to voltage, but inversely proportional to resistance.
• Assumption: constant temperature
Theoretically (assuming the wires are perfect conductors and that all resistance occurs in
the resistors and none along the wires), the voltage (V) between any two points in the
circuit will be the same, regardless of whether a circuit is in series or in parallel.

Resistors in series

•

RTOTAL or RT = total resistance through the circuit in series

Example:
RT = R1 + R2 … Rn
RT = 10 Ω + 15 Ω + 30 Ω
RT = 55 Ω
V=I⋅R
110 V = I ⋅ 55 Ω
I = 2 amps (or C/s)
Current (I) in a circuit in series will be constant throughout.
• That is, any two points in the circuit that you chose will have the same current.

Resistors in parallel

•

RTOTAL or RT = total resistance through the circuit in parallel

Current (I) in a circuit in parallel can change at the branches.
• Intuitive, since (V) is constant but (R) is not, so (I) must change to satisfy V = I ⋅ R

Complex resistor circuit example

Side note: Electrons will be most inclined to flow through the path that offers the least
resistance.
Goal: Find current (I) at the marked point.
Approach:
• ‘Break up’ the circuit into smaller sections
• Determine RT for that smaller section (using the appropriate formula depending on
if the section is in series or in parallel)
• Redraw the section with the new resistance value.
• Repeat until you just have a single value for circuit resistance
• Use Ohm’s law (V = IR) to determine the current (I).

R = R1 + R2 + Rn
R=1Ω+2Ω
R=3Ω

V=I⋅R
20 V = I ⋅ 2.5 Ω
I = 8 amps (A)

Resistivity and conductivity

Increasing voltage (V) will not increase resistance (R)
• Increasing voltage (V) will simply increase current (I) to keep the ratio (V/I) the
same.
• The resistance (R) is a constant, because the physical properties of the resistor set
the resistance.
If you want to change the resistance (R), you need to change the physical properties
(material or geometry) of the resistor:
• Resistivity (ρ) of the material.
o Resistivity is simply how much resistance to current a material naturally
offers.
o Metals offer little resistance while non-metals typically offer more.
o Units: Ωm
(Ohm meters)
• Length (L)
o Electrons have to flow through the resistor for a longer distance, which
increases resistance.
Units: m (meters)
• Area (A)
o Electrons have more ‘room’ to flow, and aren’t as restricted, and thus don’t
bump into each other as much etc., meaning resistance is lower.
o Recall basic circles: A = πr2
Units: m2 (meters squared)

R = ρL/A
Mnemonic: Formula looks like the word ‘replay’

Example:

–––––––
Electrical resistivity (ρ)– how much a material naturally resists current.
Electrical conductivity (σ)– how much a material naturally allows current.
• Intuitively, the two are inversely proportional:

ρ = 1/σ

σ = 1/ ρ

A material that is a good resister is a poor conductor, and vice versa.

Electrolytic conductivity
Above we have been working with the resistivity and conductivity of solids
Liquids also have resistivity and conductivity properties, though they are named slightly
differently:
• Electrolytic resistivity – the resistivity of a liquid
• Electrolytic conductivity – the conductivity of a liquid
o These share the same symbols as in solids (ρ, σ), and share the same inverse
relationship that we saw before (ρ = 1/σ and vice versa)
o These properties are influenced by substances (e.g. salt) dissolved in the
solution, which influences how much current will flow.
§ The electrolytic resistivity (ρ) or conductivity (σ) can be used to
determine the concentration of a substance dissolved in the solution
is, or to detect impurities.

Side note:
• AC currents are generally used for circuits in liquid systems to prevent any
alterations from occurring in the liquid.

Voltmeters and Ammeters
Voltmeters (symbolized as Ⓥ)
• Used to determine voltage across two points in a circuit.
• Voltmeters are always hooked up in parallel to the circuit
o This means that it adds to the circuit as a ‘branch’ off of the circuit.
o This simply involves touching either end of the voltmeter to the circuit, with
no breaking of the circuit required.
o Why in parallel? Because we want to know the voltage across an element,
since voltage is the difference in electric potential across two points in a
space.
§ Since we don’t want to disturb the circuit that we are measuring,
voltmeters must have a huge resistance (e.g. R = 106 Ω) to prevent
electrons from being ‘inclined’ to travel the path of the voltmeter.

Ammeters (symbolized as Ⓐ)
• Used to determine current across two points in a circuit.
• Ammeters are always hooked up in series with to the circuit
o This means that it doesn’t branch off of the circuit.
o This involves physically breaking the circuit and integrating the ammeter.
o Why in series? Because we want to measure the current flowing through a
particular point in the circuit, so we need to know the current flowing
through the ammeter.
§ Thus, ammeters need to have very little resistance such that we don’t
disturb the circuit by ‘adding another resistor’.
§ If we added the ammeter in parallel, current would favor flowing
through the low-resistance ammeter, and thus give an incorrect
reading of current at a given point.

Summary:
Voltmeter Ⓥ
Measures voltage across two points
Hooked up in parallel
Huge resistance

Ammeter Ⓐ
Measures current through a point
Hooked up in series
Very little resistance

Capacitors
Capacitors article
What is a capacitor?
Capacitor – stores energy in a field by holding apart pairs of opposite charges.
• Since positive and negative charges attract each other and naturally ‘want’ to come
together, when they are held a fixed distance (e.g. by a gap of insulating material,
such as air), their mutual attraction stores potential energy (PE) that is released if
they are re-united in some way.
Capacitor designs
Parallel-plate capacitor – simplest design of capacitor
• Two metal plates are set a distance apart.
• Using a battery, electrons are placed on one plate (producing a negative plate) and
an equal number of electrons are removed from the other (producing an induced
positive plate)
o How? The negative charge of the battery repels electrons and forces them
onto one plate, while the positive pole of the battery attracts electrons and
pulls them off of the other plate and towards the battery.
o Additionally, the negative charges of the negative plate create an electric
field that repulses the electrons on the positive plate, further pushing them
off the plate and inducing a positive charge on said plate.
• The capacitor is fully charged when it’s voltage equals the voltage of the battery.

•

At some point, the negative charge of the negative plate will be so repulsive that it
prevents any more negative charges from being added to the plate, and the positive
charge of the positive plate will be so attractive to electrons that they can no longer
leave
o This is the point at which the capacitor is fully charged.

•

Electric field lines point straight across the gap between the two plates

Relationship between voltage (V), charge (Q) and capacitance (C)
The two plates have different electric potentials, and thus there is a voltage (a difference
between the two electric potentials).
Voltage (V) is related to the charges (Q) on the two plates by the capacitance (C) of the
capacitor:

Q = C⋅V
•

•

•

C = Q/V

Charge (Q)
o Refers to the magnitude of charge on one side of the capacitor, not the net
charge (since net charge = 0, as will become clear below)
o The maximum charge (Q) corresponds to the final voltage (V) of the charged
capacitor.
Capacitance (C)
o A constant that is measured in Farads (F), which is simply coulombs/volt
o Determines how much of a charge difference a capacitor holds when a
certain voltage is applied (i.e. charge in coulombs per voltage in volts)
o High capacitance means that just a small difference in plate voltage will lead
to a huge difference in the number of electrons (total charge Q) on the two
plates.
Voltage (V)
o Difference in electric potential between the two plates
How a charge is ‘stored’, and using the charges to do work

Once opposite charges have been placed on either side of a parallel-plate capacitor, the
electrons on the negative plate ‘want to’ get to the positive plate.
• However, until they have a path to get there, they cannot transfer between plates,
so the charge is effectively ‘stored’.
The charges can be used to do work by allowing the electrons to flow as current through a
circuit.
• We usually make the charge travel as a current through a circuit to perform some
task along the way (such as illuminating a light bulb).

Electrical Potential Energy of Capacitor
When a capacitor is charged, it stores not only charge but also energy (in the form of
electrical potential energy, PEe):
•

When the capacitor is charged by a battery, the charges get separated.

•
•

•

The separated charges want to come back together, since opposites attract, but
can’t since there is no connection for them to get back together.
Thus, when we complete the circuit with wires and say a lightbulb, the current
flows through the circuit, and the PEe that was stored in the capacitor is converted
into light and heat energy.
Once all charge is transferred, there is no more PEe to be converted, and the light
goes out.

The formula for PEe that we learned before:
•
•

Work = Electrical potential energy = Charge x Voltage
W = PEe = QV

This doesn’t work for capacitors, since voltage is not constant (unless the capacitor
remains hooked up to the battery). This is because as charge flows from one side of the
capacitor to the other (as current), the voltage drops (recall: voltage is the difference
between the electric potential in each of the plates – when the electrons are flowing
diminishing this difference)
Calculus tells us that the average voltage is going to be perfectly between initial voltage
(100% of voltage) and final voltage (0% of voltage), so we must use ½ V in the equation
instead
E = Q ½V or E = ½QV
Using our formula for capacitance, C = Q / V, we can isolate a term for Q (Q = CV), and
substitute it in to the equation above to get an alternate form of the formula that may be
useful in some cases:
E = ½CV2

Mnemonic to keep these formulas straight:
•
•

If you can ‘see’ the squared, then you should have a ‘c’ in your equation.
If you can’t ‘see’ the squared, then you shouldn’t have a ‘c’ in your equation.

NOTE: must use the voltage across the particular capacitor, not the voltage across the
battery.
•

The voltage of the capacitor will be the same as the voltage of the battery only when
the battery is only charging one capacitor, and only when the capacitor is fully
charged:

•

The voltage across the capacitor is not always the same as the battery. For example,
in a complex circuit like the one below, we would have to perform circuit analysis to
determine the voltage across the capacitor and the charge of a capacitor, and only
then could we use the energy potential equations

Back to Capacitors article
•
•
•
•

Capacitors function similarly to rechargeable batteries
If you attach a capacitor (with capacitance C) at a battery (at voltage V), it will
slowly develop a charge (Q) on each plate as electrons build up one on plate and
exit the other.
Once you remove the battery, this difference in charge between the two plates
remains indefinitely, until the capacitor is connected to a circuit (such as a
lightbulb) through which it can discharge.
Once this occurs, charges will slowly pass out of one plate of the capacitor, move
through the circuit, and onto the other plate.
The main difference between capacitors and rechargeable batteries is that the
capacitor’s ability to store energy doesn’t come from chemical reactions, but rather
from the way that is physical design allows it to hold negative and positive charges
apart.
o i.e. capacitors only store electricity, rather than
producing it through a chemical reaction like a
battery does.
o This makes capacitors very fast at charging and
discharging, much faster than batteries.
o They are necessarily for when rapid bursts of
current are required (e.g. camera flashes).

Capacitors don’t ‘store charge ‘– they store an imbalance of charge
Recall: Electrons are placed on one plate (producing a negative plate) and an equal number
of electrons are removed from the other plate (producing a positive plate).
• So if the negative plate has a Q = –6, then the positive plate must have a Q = +6
• Thus, the total charge (added up across both plates) = 0.
• This is true even if the plates are of a different shape or size – they still must store
an equal magnitude of charge.
• This shows that no charge is stored in the capacitor, only an imbalance of charge.

Changing the capacitance (C) of a capacitor
C = Q/V, however – the capacitance of a capacitor is based on the physical properties of the
components of the capacitor (i.e. the plates and the insulating material between the
plates).
• You cannot change capacitance by changing charge (Q) or voltage (V)
• Changing one of these variables simply changes the other to maintain the ratio.
There are only three changes you can make to change the capacitance of a parallel-plate
capacitor:
• Distance (d) between the plates (↑D = ↓ C)
• Area (A) of the plates
(↑A = ↑C)
• Material in the gaps
(↑ɛ aka ↑k = ↑C)
Parallel-plate capacitor formula lets us express these principles mathematically:

C = ɛA/d
•
•
•
•

Capacitance (C)
Area of the plates (A)
Distance between the plates (d)
Permittivity constant (ɛ) aka Dielectric constant (k)
o NOTE: Name of permittivity constant is a misnomer!
§ Permittivity is a measure of a material’s ability to resist an electric
field, not its ability to ‘permit’ it.
o For our purposes, this is the same as the dielectric constant (k) – coming up
in the dielectrics lecture below.
o Refers to a constant for how effectively an insulator placed between the
plates reduces the strength of the electric field (by inducing an electrical
field in the opposite direction to the applied field)
o Constant is specific to the intervening insulating material (e.g. air, rubber,
plastic, etc.)
o Materials with a higher permittivity constant generally make better
capacitors

We will talk about the distance and area components on the next page, but dielectric
constant aka permittivity constant will be discussed below in the dielectrics lecture.

DISTANCE
• The further apart two plates are, the less the free electrons on the positive plate
‘feel’ the push of electrons that are added to the negative plate, making it harder to
add more charges to the negative plate.
o Think of it this way:
§ For every electron added to the negative plate, one electron must leave
from the positive plate.
§ This is easy when the plates are close together, since adding an electron
to the negative place repulses one on the positive plate, giving it
incentive to leave.
§ This is difficult when the plates are far apart, since the electron on the
positive plate doesn’t ‘feel’ the repulsive field of the electron on the
negative plate, and therefore has no incentive to leave.
• If the plates were infinitely far apart, you would just be trying to add negative
charges to an already negative metal surface, which is difficult.
• If the plates were very close together or even touching, you essentially would be
making current flow through a short circuit, which would be easy.
• Thus, capacitance of a parallel plate is inversely related to the plate
separation.
o ↑Distance =↓Capacitance
o ↓Distance =↑Capacitance
AREA
• The more area the parallel plates have, the easier it is to add charge to the
capacitor.
o Think of it this way:
§ Electrons on the same plate feel the repulsion of each other.
§ Analogy: a larger room can fit more people standing at arm’s length
from each other than a small room can.
§ Thus, you can fit a higher number of total electrons on the negative
plate (and therefore remove a higher number of total electrons on the
positive plate), which increases the maximum amount of difference in
charge.
• Recall: Capacitance is a measure of how much of a charge
difference a capacitor can hold when a certain voltage is applied
• Two wide metal plates would give two repelling charges a greater range to spread
out across the plate, making it easier to add a lot more negative charges to one
plate.
• Two small plates would cause the electrons to get cramped together earlier, making
it harder to a get a large difference in charge for a given voltage.
• Thus, capacitance of a parallel plate is directly related to plate area
o ↑Area =↑Capacitance
o ↓Area =↓Capacitance

Dielectrics article, & Dielectrics in relation to capacitors
Dielectrics (aka insulators):
• Materials that don’t allow current to flow.
• Direct opposite of conductors.
Polarizability – a shared characteristic of insulators
Recall from insulator vs. conductor lecture:
• Although the electrons are not free moving in insulating materials (i.e. can’t hop
between atoms like they can in conducting materials), the electric field still exerts a
force on the charge, causing the electrons to ‘prefer’ to be on the side of the atom
that is closer to the positive charge (e.g. the positive plate).

o Because the external field causes the electrons in each atom to congregate
on one side of the nucleus, the atoms are polarized, meaning they have a
positive pole and a negative pole that are oriented with the direction of the
electric field.
o The force that causes electrons to orbit the nucleus provides a restoring
force that counteracts the force exerted by the electric field from the
battery.
§ The more the battery’s electric field pushes the electrons further and
further towards one side of the atom, the greater the restoring force
in the opposite direction (the force that tries to pull them back
towards the nucleus)
§ The final position of electrons corresponds to when these two forces
(the one from the nucleus and the one from the battery) balance each
other out.

Dielectrics and capacitors
The presence of a dielectric (insulator) in the gap between the plates in a parallel-plate
capacitor increases the total capacitance (i.e. the ability of the system to store an electric
charge).
Why? The presence of the dielectric decreases the electric
field inside the capacitor (by a factor of the dielectric constant).
• When all of the atoms in a dielectric polarize (i.e. electrons
align on one side), they create a field that points in the
opposite direction to the applied field (from the battery),
resulting in an overall smaller electric field.

“The charges on the molecules in the dielectric material will shift
and orient themselves in such a way that they partly cancel out
the original field”

Another better way to understand this:
• The presence of the dielectric decreases the voltage across the capacitor (if the
battery does not remain connected)
• Why? Even though there is the same number of charges on the capacitor plates,
their contribution to the voltage across the plates is being partially cancelled – their
contribution is negated as they interact with the polarized charge of the dielectric:

Cwith dieletric = k⋅Cwithout dielectric
•
•

Capacitance (C)
o The ability of a system to store an electric charge.
Dielectric constant (k)
o A property of the specific dielectric being used.
§ k>1
k must be greater than 1 for dielectrics
§ Wood (k=2)
§ Rubber (k=3)
§ Wax (k=4)
§ Glass (k=5)
o The higher the dielectric constant (k), the better a material functions as an
insulator, and therefore the better the system is at storing an electric charge,
which means a greater total capacitance.
§ e.g. since rubber has a very high dielectric constant (k) (i.e. is a good
insulator) (i.e. is a poor conductor), it is often used as protective
coating around high voltage wires, since it is such a poor conductor.

Deriving a formula that connects electric field, volts, and distance
Recall from a previous section the following equations:
• Electric field = k⋅q / r2
o Electric field (Electric field)
o Coulombs constant (k)
o Charge (q or Q)
o Distance (r)
•

V = k⋅q / r
o Voltage (V)
o Coulombs constant (k)

o Charge (q or Q)
o Distance (r)

From these two formulas, we can derive a new formula that compares electric field to voltage and
distance:
• Electric field = V/r

o Electric field (Electric field)
§ Units: Volts/meter (V/m) OR Newtons/coulomb (N/C)
o Voltage (V)
§ Units: Volts (V)
o Distance (r)
§ Units: Meters (m)

Beeswax example problem – battery disconnected
A parallel-plate capacitor (plates 1cm apart) is fully charged (and thus voltage of battery =
voltage of capacitor, which is 6V in this case), and disconnected from the battery, such that
there is a voltage of 6V across the plates:
Electric field = V/r
Electric field = 6V/1cm
Electric field = 6V/cm
Same scenario (including removal of battery) but now added a chunk of beeswax (k = 3)
into the gap:
Q = CV
o Charge of the capacitor (Q)
§ Fixed because the capacitor is not connected to a battery that can
change the relative amount of charge on the two plates.
§ The overall charge of the system is fixed/set.
• Even if electrons were to move from one plate to the other, no
net charge has been gained or lost.
o Capacitance (C)
§ The addition of the dielectric will change the capacitance (C)
o Voltage (V)
§ Since one of the three variables is fixed (Q), but the second of the
three variables is changing (C), the third variable (V) must also
change to keep the equation true.
Cwith dieletric = k⋅Cwithout dielectric
Cwith dieletric = 3 x Cwithout dielectric
o Since Q can’t change, by the presence of the dielectric increases the
capacitance (C) by a factor of 3, then voltage must decrease by a factor of 3 in
order to keep Q the same in the Q=CV equation:
§ Q = CV
§ Q = (3C)(1/3V)
This changed voltage impacts the electric field:
Electric field = V/r
Electric field = 1/3 ⋅ 6V / 1cm
Electric field = 2 V/cm
It also changes the amount of energy that can be stored on the capacitor:
Energy = ½ CV2 tells us that with these new values for C and V, the energy
stored in the capacitor (E) decreases by a factor of 3.
Why? Because although the ‘3C’ term bumps the energy up by a factor of 3,
the ‘1/3V’ term is squared, and therefore drags the energy down by a factor
of 9, which is a net decrease by a factor of 3.

Beeswax example problem – battery remains connected
Capacitor is to remain connected to the 6V battery as the dielectric is inserted
Now the voltage (V) is the fixed value (at 6V), since even though some of the
contribution of the plates towards the voltage is negated by the dielectric, the
battery ensures that the voltage across the capacitor remains constant with the
voltage across the capacitor.
Thus, when we look at the equation Q=CV now, when capacitance increased by a
factor of 3 (as before) it will instead be the charge (Q) that will change to keep the V
constant in the equation.
Q = CV
3Q = 3C⋅V
Since the voltage is fixed, there is no impact on the electric field:
Electric field = V/r
Electric field = 6V / 1cm
Electric field = 6 V/cm
There is still a change in the amount of energy that can be stored on the capacitor
In this situation, we plug in (3Q) into our Energy = ½QV equation, and find
that the energy stored in the capacitor (E) increases by a factor of three

Summary:
• If the battery is disconnected, some of the contribution to the voltage by the plates
is negated by the polarized charges of the dielectric material, so voltage decreases.
C=Q/V tells us that capacitance (C) will increase when a dielectric is present.
• If the battery remains connected, the battery will ensure that voltage remains
constant, despite the effects noted above. In this case, the capacitor will be able to
store more charge (Q), and again C=Q/V tells us that capacitance (C) will again
increase when a dielectric is present.
• Capacitance increases by a factor of (k), the dielectric constant for the particular
dielectric material.

Dielectric breakdown
•

•
•

If a large enough electric field is applied to a dielectric, the force can actually
overcome the force that tethers electrons to the nucleus, resulting in electrons
being ripped off of the atom.
o This causes atoms to ionize (i.e. bear a net electric charge)
o This also allows the electrons to act as ‘free charges’ that can move freely
throughout the material and carry current.
The dielectric material has now transitioned from being an insulator to a conductor.
In most real-word capacitors, dielectric breakdown results in a spark and damage
to the capacitor.

Real word example of a capacitor (1) – Defibrillators
Two electrodes (attach to patient’s chest) are connected to a defibrillator, which consists
of a battery and a giant capacitor.
When the defibrillator is used, the batteries slowly charged the capacitor by adding
electrons to one plate and pulling an equal number of electrons off of the other plate.
Once a capacitor is charged to the set voltage, the paramedic rapidly discharges the
capacitor through the electrons on the patient’s chest in hopes of resetting the heartbeat.
Real word example of a capacitor (2) – Lighting strikes
At voltages like those found in lightning strikes, the wet ground beneath you and your
body are good conductors, while your hair is a good insulator.
If lightning is about to strike you, your hair acts like the dieletric in a capacitor, where the
two conducting plates are the clouds (which have a huge negative charge) and your
body/the soggy ground below (which builds up a large positive charge due to induction).
Thus, as the charge builds up in the cloud, an electric field builds up in your hair. Unlike the
glass, plastic, or rubber used inside a parallel-plate capacitor, the strands of your hair can
move around individually, so the electric field causes them to rise up towards the clouds
(because the charges in your hair want to move with net electric field and complete the
circuit by travelling up to the clouds).
However, the charges ‘can’t make it’ because they are tethered to your head, so the result
is your hair standing on end.
When lightning does eventually strike, it serves as a
sort of dielectric breakdown in which current can
suddenly flow through the air and your hair,
through your body, and into the ground.

*** Skipped video called ‘Capacitance’, seems outdated/irrelevant. ***
Capacitors in series
Capacitors in series – the positive side of the first capacitor is directly linked to the
negative side of the next capacitor.

All capacitors in series must have the same charge stored on them:

Approach: draw the equivalent capacitor, a single imaginary capacitor that replaces our
capacitors in series.

Use the 1/Ceq = 1/C1 + 1/C2 + 1/C3… formula to determine a value for Ceq, and then use
C=Q/V to determine charge (Q) for the equivalent capacitor.
We can use the voltage of the battery when we have just a single Ceq

Since all capacitors in series must have the same charge (Q) stored on them (including the
equivalence capacitor), we now know the charge (Q) for all the capacitors in series:

Q=18C is our answer.

Example 2:

Once you have a single Ceq, you can say that the
voltage across it is the same as the voltage
across the battery.
Now that we have (Q) and (C) for each and every capacitor, we can determine the (V)
across each individual capacitor too, simply using C = Q/V.

In any circuit in series, the sum of the individual voltages across each of the capacitors
equals the total voltage across the battery.

Capacitors in parallel
Capacitors in parallel – the positive side of the first capacitor is directly linked to the
positive side of the next capacitor (and likewise the negative sides of the capacitors are
also directly linked)
While the charge (Q) that capacitors in parallel store is not equal, the voltage across each
of the capacitors does equal the voltage across the Ceq, which equals the voltage across the
battery.
Thus, C = Q/V can be used to solve for charge (Q), since we have (C) and (V) terms already.
Example 1:

Since all positive sides of capacitors are connected by a wire, as are all negative sides,
hooking up capacitors in parallel is essentially just like having one big capacitor

Applying this to the circuit in the original image, we get that Ceq = 9F

Example 2:

Since the 6F and 3F capacitors are in parallel (since positive sides are directly connected to
each other, as are their negative sides), we can redraw like such:

Now we have an easier problem with two capacitors hooked up in series (since the
positive side of one capacitor is directly linked to the negative side of the next).

We know that voltage (V) across the Ceq is equal to voltage across the battery, so we can
use C=Q/V to determine charge (Q) stored on Ceq

Charge (Q) stored on Ceq is equal to that of the capacitors in series

Can now determine individual voltage across each of these capacitors in series:

Since the voltage across individual capacitors in parallel has to be the same as the voltage
across their equivalent capacitor (Ceq), we can get the following:

From here we can use C=Q/V to determine the final unknown charges of the two
capacitors that were originally in parallel (Q):

Key rules and take-home messages:
•
•
•

Capacitors in series:
o 1/Ceq = 1/C1 + 1/C2 + 1/C3 + …
o Charge (Q) of Ceq = Charge (Q) of Cindividual
Capacitors in parallel:
o Cparallel = C1 + C2 + C3 + …
o Voltage (V) across Ceq = Voltage (V) across Cindividual
Always:
o When there is just a single capacitor in the circuit (e.g. Ceq),
voltage (V) across it = voltage (V) across battery

Magnetism
Right-hand rule (article)
Right hand rule
When a charge is still, it is unaffected by magnetic fields.
As the charge starts to move however, the magnetic field will push on it.
However, the direction in which a field pushes on charges is not the same direction of
the magnetic field lines:
Thumb – direction of magnetic force pushing on the moving charge
Pointer finger – direction the positive charge is moving
Middle finger – direction of magnetic field line
The first right-hand rule simply helps us
remember the directions that are involved
(follows a standard x,y,z coordinate system)

Current in a wire
Recall: convention is that current flows in the opposite
direction that the electrons flow. Another way of saying
this is that current is like positive charge moving
through a wire.
Since we know that current is just moving charges, a
wire with a current passing through it will be affected
by a magnetic field in just the same way that a single
moving charge is.

Note: The right-hand rule is applied for conventional current flow (opposite the direction
the electrons are actually moving). To use this rule for a moving negative charge (e.g.
electron flow), you could still follow this method but you should instead your LEFT hand.

Magnetic field caused by a current in a wire
Not only are moving charges affected by magnetic fields, they can also create them.
The magnetic field made by a current in a
straight wire curls around the wire in a
ring.
The second right-hand rule helps us find
the magnetic field that is caused by
moving charges (or if we know the
direction of the magnetic field, we can
determine the direction of the current
that is creating said magnetic field)

The opposite can be used to determine the direction of the magnetic field lines when
current runs through a wire that is coiled:

Applications – Magnetic fields in an MRI
MRI uses a strong stationary magnetic field in one direction (along the axis of the body) to
align individual protons attach to water molecules throughout the patient’s body.
The alignment process is the first step in a measurement that uses small deviations of the
protons from their alignment in order to map out the density and structure of various
parts of the patient’s body.

To get the magnetic field to move in a single
direction, the MRI has a giant electromagnetic coil
that surrounds the patient’s body.
As we’ve learned from the second right-hand rule,
the current that travels in a spiral around the patient
generates a magnetic field that points in a straight
line along the patient’s body.

Introduction
–> Opposite poles of magnets attract

–> Magnets are always dipoles

–> Magnetic field of the magnet is generated by the spin of the electrons within the
magnet, and by the actual electron motion around the protons.

Magnetic field lines
Convention when drawing magnetic field lines is to draw N->S
• Imagine what path a little lone ‘N’ monopole would take
Magnetic North – the geographic location where the north-end of a magnetic will point
• If you think of the Earth as a giant magnet, this would actually be the south-end of
the giant magnet.

Determining magnetic force
F→ = Q(V→ x B→)sinθ
• Force (F→)
•
•
•
•

o

Units:

o

Units:

→ means vector quantity

Newtons (N)

Charge (Q)
Coulombs (C)

Velocity (V )
→

o

Units:

o

Units:

m/s

Magnetic field (B→)
Tesla (T)
which simply equals N⋅s / C⋅m

Angle between the direction of velocity and the direction of the magnetic field (θ)

If V→ and B→ are perfectly parallel to each other, then the magnetic field has no impact on
the charge (since sinθ = 0)
• The magnetic field (B→) must have some perpendicular component (i.e. some
angle) to the velocity (V→) of the charge in order to have an effect on the charge.
• Note: sin90 = 1, so if B→ and V→ are perfectly perpendicular, you can ignore this
component of the equation.
The vector (F→) that results from the crossing of two other vectors (V→ x B→) will have
some perpendicular component (i.e. some angle) to both of the vectors that were crossed
(V→ x B→)

Example
Given:

Solved:
– Magnitude of force:
F→ = Q(V→ x B→)sinθ
F→ = (1.6x10–19) (6 x 107) (0.5) (sin90)
F→ = 4.8 x 10–12 N
– Direction of force:

↳ Flip to get in same orientation as the question ↑
Thus, the magnetic force (F) will be perpendicular to velocity, going ‘straight
down’
When a force (F) is perpendicular to velocity (V) (as it is in this scenario), the particle will
travel in a circle (so long as it remains in the magnetic field.
What if it were an electron that was used, rather than a proton?
• Electron has the same charge (Q) as a proton, but just negative.
• The resulting force would be in the opposite direction too, so you’d still do the hand
trick, but now take force as negative and see that instead, the force moves upwards.

Lorentz force
Lorentz force – the combination of electric and magnetic force on a point charge due to
electromagnetic fields.

•
•
•
•
•

Electromagentic force (F)
Charge of particle (q)
Electric field (E)
Magnetic field (B)
Velocity of particle (V)

Electrochemistry
Introduction to Electrochemistry
Electrochemical cells are common day occurrences (ex. disposable AA batteries, lithiumion batteries in phones, and nerve cells in our body)
Two types of electrochemical cells, both of which consist of two electrodes (anode &
cathode) and an electrolyte in which the two electrodes are immersed.
•

Galvanic cell (aka voltaic cells)– derives its energy from spontaneous redox
reactions to create an electric current, and thus doesn’t require energy input

•

Electrolytic cell – derives its energy from non-spontaneous reactions and thus
requires an external electron source such as a DC battery or AC power source.
o Electrolytic cells are used in gel electrophoresis.

Reduction always occurs at the cathode, while oxidation always occurs at the anode
Mnemonic: Red cat, An ox
• Reduction occurs at the cathode
• Oxidation occurs at the anode
However – the charge of the cathode or anode depends on whether it is in a Galvanic or
electrolytic cell:
• Galvanic:
Anode (–),
Cathode (+)
• Electrolytic:
Anode (+),
Cathode (–)

Major section 1 – Galvanic Cells
Introduction to Galvanic cells
Galvanic cells are traditionally used as sources of DC electrical power.
Simplest form – one electrolyte separated by a semi-porous membrane
However, most Galvanic cells take a slightly more complex form.
To understand this, an understanding of redox reactions and reaction potentials is first
required:

Redox reaction from dissolving zinc in copper sulfate (CuSO4)
CuSO4 is an ionic compound.
This means that copper (Cu) loses 2 electrons to the sulfate (SO4)

This makes it easy to dissolve in polar solvent such as H2O

What happens if we add solid zinc (Zn(s))?
Note: ENCu > ENZn, a relationship
that doesn’t follow the EN trend of the
periodic table, but is an important one to remember

Since copper is more electronegative than zinc, and in addition to the fact that Cu2+ is
positively charged, Cu2+ is likely to rob Zn of its electrons.
A redox reaction occurs, where the Cu takes electrons from the Zn, neutralizing the Cu
negative charge and instead conferring it upon the Zn. Thus, it is now the Zn that
associates with the sulfate cation.

The Cu has precipitated out of the reaction, and is now a solid.

Half reactions:

Since Cu2+ is responsible for Zn being oxidized, Cu is the oxidizing agent (OA)
Likewise, since Zn is responsible for Cu2+ becoming reduced, Zn is the reducing agent (RA)
• OA always gets reduced
• RA always gets oxidized

Standard reduction potentials
Standard reduction potential – the voltage for an ion relative to hydrogen, under standard
conditions.
• An indicator of how inclined an ion is to ‘grab electrons’ (i.e. to get reduced)
• The more positive the value, the more likely the substance is to be reduced

Voltage is an intensive property, meaning that it is not dependent on the system size or
amount of material or electrons in the system
• Thus, there is no need to multiply E° by any stoichiometric coefficient, even if you
are multiplying the half-reaction through.
• The only change to E° that you should ever make is flipping the sign when you flip
the half reaction.

Simple example (of voltage as an intensive property):

Worked example (of voltage as an intensive property):

Note how the sign was flipped in the Zn case of E° = 0.76 when we flipped the half-reaction,
but no change was made to the Ag case of E° = 0.80, even though we multiplied the halfreaction through by a factor of 2.

Typical Galvanic cells
Now that an understand of redox reactions and reaction potentials has been established,
we can look at how the Galvanic cell works.
Premise
•
•

•
•

Galvanic cells are based upon the redox reaction from dissolving zinc in copper
sulfate (CuSO4)
If we can separate these two half redox reactions into two half cells, and make the
electrons travel over a wire, we have produced a current, which can be used to do
useful things (e.g. power a motor)

This is the same simple redox reaction that is happening, but now the electrons are
being made to travel along the wire at the top in order to reach the Cu2+
Since the (–) terminal is the source of electrons, and electrons flow from the (–) to
(+) electrode …
o Zn (left) is (–) electrode, & also the anode (site of oxidation)

o Cu (right) is (+) electrode, & also the cathode (site of reduction)
•

However, as Zn → Zn2+, the left side is going to become progressively more positive,
and likewise as Cu2+ → Cu, the right side is going to become progressively more
negative.
o A salt bridge contains an inert electrolyte/salt (e.g. sodium sulfate:
2Na+SO42–) whose ions will diffuse into the separate half-cells to balance the
building charges at the electrodes.
§ As the left side becomes more positively charged, the negative SO42–
ions move in to neutralize it.
§ As the right side becomes progressively more negatively charged, the
positive Na+ ions move in to neutralize it.
§ Thus, the current can continue to flow.
“Galvanic cells are two separate half-cells connected by a salt bridge”

Full diagram:

Short hand notation:

Calculating Gibb’s Free Energy (ΔG) of the redox reaction from the cell potential (E)
Note – Standard conditions:
• Notation for standard conditions is °
o Solids are in their pure form
o Solutions are at 1M concentration
o Temperature is 25°C

•

ΔG°

•
•
•

n
F
E°

Change in Gibb’s Free Energy
§ Negative for spont. reactions
moles of electrons
Faraday’s constant (≈105 C/mol e–)
Standard cell potential/voltage
aka Electromotive force (EMF)

(e.g. ΔG°, E°)

Units
Joules (J)
mol e–
C/mol e–
Volts (V) or Joules per Coulomb (J/C)

Example: Zn(s) | Zn2+(aq) || Cu2+ (aq) | Cu(s)

Sign (+ or –) tells us which direction the reaction must shift to reach equilibrium.
• Negative ΔG° = system shifts right (reactants → products) to reach equilibrium.
o Reaction is spontaneous when ΔG° is negative
• Positive ΔG° = system shifts left (reactants ← products) to reach equilibrium.
Magnitude of ΔG° tells us how far the standard state is from equilibrium
• The larger the value for ΔG°, the further the reaction must shift from standard state
conditions to reach equilibrium.

–ΔG° ↔ +E°
+ΔG° ↔ –E°

When one is positive, the other
must be negative, and vice versa

Spontaneity and redox reactions

An oxidizing agent (OA) can only oxidize weaker OAs (appear below it on the standard
reduction potential table.

Thus, Pb2+ can oxidize Al…

but Pb2+ cannot oxidize Cu…

Relating Standard Cell Potential (E°) to the Equilibrium Constant (K)
Since

Then

Which can be simplified to:

•
•
•

E°
n
K

Standard cell potential
mol e–
Equilibrium constant

Equilibrium constant (k) tells us just how favorable this reaction is

Example:

(Simplified) Nernst Equation
The R, T, F, and the ln conversion factor are pre-plugged into the full Nernst equation to
give a simpler form of the equation which is fine for our purposes.
The Nernst Equation allows us to calculate cell potential (E) under non-standard state
conditions

•
•
•
•

E
E°
n
Q

Cell potential under non-standard conditions
Cell potential under standard conditions
moles of electrons transferred in the reaction
Reaction quotient
§ The same form as equilibrium constant (K), but using the
non-equilibrium concentrations instead.
§ Remember: Ignore pure solids and pure liquids

Example of the Nernst equation under standard conditions (as a proof that it works):

-> Since these given conditions are simply the standard conditions, we expect that when
we follow through with the full calculation, E = E°

Example of the Nernst equation under non–standard conditions (i.e. what the
equation is really supposed to be used for):

As the reaction progresses, [products] increases while [reactants] decreases, so
as Q becomes progressively larger, (E) becomes progressively smaller.
Take the example of Q=100 as a comparison:

Side note – To link back to our cell potential (E) at equilibrium:
• With the knowledge that ΔG = 0 at equilibrium, we can use ΔG = -nFE to tell us that
E=0 at equilibrium too.
• If we plug in this E=0 into our simplified Nernst equation, it brings us full circle
back to our cell potential (E) at equilibrium equation:

Concentration cells
Concentration cell – a specific type of galvanic cell that has two half-cells of the same
material (i.e. electrode on either side is made of the same material), differing only in their
concentration
• There is a tendency for the concentrations to move towards equilibrium, which is
enough to create a small voltage.
• Biological examples:
o Nerve cells, which use concentration gradients of Na+/K+ or Ca2+ pumps in
our cell membranes
o ATP synthase to produce energy, which uses a proton gradient.

Oxidization (Zn(s) → Zn2+(0.10 M side) + 2e–) occurs on the less concentrated side
• This occurs in order to increase [Zn2+] and therefore increase concentration.
• Zn moves out of solid form and into solution as it becomes Zn2+
• The 2e– will move along the wire towards the more concentrated side.
Reduction (Zn2+(1.0 M side) + 2e– → Zn(s)) occurs on the more concentrated side
• This occurs in order to decrease [Zn2+], and therefore decrease concentration.
• Zn2+ moves out of solution and into a solid form as it becomes Zn
• This reaction uses the incoming 2e– from the wire.

or for concentration cells, we can simply say:
Mnemonic: ‘less is more’ – ‘less over more’

Since both half reactions are the same, and voltage is an intensive property (i.e. does not
depend on concentration or stoichiometry), E°cell = 0
We now plug in our concentrations into the Nernst equation to determine cell potential
under these given non-standard conditions (E)

As the concentrations approach each other, Q will increase, and therefore E will decrease.

Eventually, the concentrations will reach equilibrium, meaning that Q=1.
Since log(1) = 0, this will mean that E=0, and therefore the cell is considered ‘dead’ – no
more voltage exists and no more transfer of electrons can occur, as this would be moving
against equilibrium.

More complex examples that use redox reactions other than Zn/Cu
Derived from the Electrochemistry article
These examples use the terminology of electromotive force (EMF) instead of cell
potential/voltage (E), but the two are interchangeable.
More complex example 1– classic AA alkaline battery:

•
•
•
•
•

Here we are given two reduction potentials for the anode and cathode.
Since galvanic cells have a positive electromotive force (EMF), we are looking to flip
an equation such that adding the two together gives us a positive value.
By flipping the zinc half-reaction, we have two EMF values (+0.382 V) and (+1.221
V).
To find EMF, we simply add them together, giving EMF = 1.5 V (which is the EMF of
an alkaline AA battery)
Since voltage is an intensive property (one that does not depend on the system size
or amount of material in the system), we do not need to multiply the EMF by any
stoichiometric coefficient to cancel out the electrons when calculating EMF.

Calculating the Gibbs Free Energy (ΔG) from EMF (E)
In our AA alkaline battery example:

Calculating the Equilibrium Constant (K) from EMF (E) and Gibbs Free Energy (ΔG)
Equilibrium constant (k) tells us just how favorable this reaction is

2.303 is the conversion factor to get ln(x) -> log(x)
298 K is temperature under standard conditions

The large K value (K = 1050) indicates that the reaction is very favorable towards the
products and will go entirely to completion.
In the case of batteries, the reactions will run until it reaches equilibrium, i.e. ΔG° = 0

More complex example 2 – Concentration cell

For any concentration cell, the standard state EMF (E°) is 0, since the two half-cells have
the same half-reactions.
Since the balanced reaction involves the transfer of 2 mol e–, n = 2

Summary of equations used in Galvanic cell physics:

Major section 2 – Electrolytic cells
Introduction to electrolytic cells
Review of Galvanic cell (for comparison):
• A spontaneous redox reaction is used to produce an electric current
Electrolytic cell
• An electric current is used to drive a NON-spontaneous redox reaction

“Electrolytic cells are electrochemical cells in which the energy from an external power
source (such as a Galvanic cell battery) is used to drive a normally non-spontaneous redox
reaction
• ex. charging phase of any type of rechargeable battery
• ex. gel electrophoresis
In contrast to the galvanic cell:
• Since the external power source is what drives the electrons through the circuit
(rather than a spontaneous redox reaction), electrodes will match the positive and
negative terminals of the battery.
o The electrons come out of the negative terminal of the battery and are forced
onto the cathode (site of reduction) (Zn in this case).
o Electrons are pulled away from the anode (site of oxidation) (Cu in this case)
and towards the positive terminal of the battery.

•
•

•
•
•

•

o The cathode (site of reduction) (Zn here) is thus the negative terminal, and
the anode (site of oxidation) Cu here) is the positive terminal.
§ This is the opposite to Galvanic cells.
The redox reaction moves in the opposite direction (in a non-spontaneous
direction), meaning that ΔG° is positive and therefore E° is negative.
The electrodes of an electrolytic cell can be placed in a single compartment
containing the molten OR aqueous electrolyte.

Aqueous electrolyte
At the cathode (negative (–) electrode in electrolytic cells), if a metal is more
reactive than hydrogen, then the reduced metal reacts with water to produce
hydrogen gas.
The table of reduction potential can be used to determine that the following cations
are harder to reduce than water:
o Li+, Rb+, K+, Cs+, Na+ Na2+, Sr2+, Ca2+, Mg2+
If a metal is less reactive than hydrogen, then the reduced metal does not react with
water
o Copper, platinum, etc.

•

When looking at electrolysis of NaCl in aqueous electrolyte, there are additional
reactions that we must consider when calculating EMF aka reaction potential (E)
At the anode (+):

•

At the cathode (–):

Example –

•
•

Molten electrolyte
In order to produce sodium (or aluminum) as products, we must use the electrolyte
in molten state.
When performed in an electrolyte such as molten NaCl, the following half-reactions
take place:

Quantitative electrolysis (in an aqueous solution)

•
•
•
•

I
t
n
F

Current
Time
moles of electrons
Faraday’s constant (≈105)

amps (A) or C/s
seconds (s)
mol e–
C/mol e–

Calculate mol e– (n)
(5.0 A)(60 s/min * 60 min/hour * 1 hour) = (n)(105 C/mol e–)

n = 0.18 mol e–
Compare mol e– to molar ratios in half-reaction

2 mol e– for every 1 mol Zn(s), so…
mol Zn(s) = 0.18 / 2
mol Zn(s) = 0.09 mol
Find mass of Zn from mol of Zn
Mass of Zn = 65.4 g/mol * 0.09 mol
Mass of Zn ≈ 6.54 g

Quantitative electrolysis (in molten sodium chloride)
Molten sodium chloride (NaCl) is simply the melted version of solid NaCl, which forms the
liquids Na+(l) and Cl– (l)

•
•
•
•

I
t
n
F

Current
Time
moles of electrons
Faraday’s constant (≈105)

amps (A) or C/s
seconds (s)
mol e–
C/mol e–

1.00x106g / 23 g/mol = 4.35 x 104 mol Na = 4.35 x 104 mol e– (since they have the same
stoichiometric value, see equation above)
(3.00 x 104 C/s)(t) = (4.35 x 104 mol e–)(105 C/mol e–)
t = 1.40 x 105 seconds
t = 38.9 hours

First find moles of Cl2(g) produced

Find L of Cl2(g) produced
Recall: ideal gases at STP occupy 22.4 L / mol

Alternatively, you could plug everything into PV = nRT

One use for electrolytic cells is for the decomposition of compounds (e.g. H2O, NaCl) into
simpler compounds (e.g. Cl, NaOH)
• Since electrolytic cells can be conducted in molten OR aqueous electrolyte,
depending on the cation and anion, the products from using a molten electrolyte
may differ from those formed using an aqueous electrolyte.

Electroplating
Electroplating – a process that uses electric current (electrolysis) to reduce dissolved
metal cations so that they form a thin coherent metal coating on the cathode.
We can calculate the amount of metal plated on the cathode from the charge or current
that passes through the cell

•
•

I
t

•
•

n
F

Current
Time
§ It = Q (charge) in coulombs
moles of electrons
Faraday’s constant (≈105)

amps or C/s
s
C
mol e–
C/mol e–

Since platinum forms a 2+ ions, then there are two moles of electrons consumed for every
1 mol of Platinum. To obtain the moles of platinum produced, we need to divide by 2.

Summary of electrochemical cells

Balancing redox reactions in general
Write the half reactions, and for each half-reaction, do the following:

Balancing the redox reaction of a Lead storage battery

In a lead storage battery, sulfuric acid is the acidic solution.
Step 1 – Assign oxidation states
Oxidation state for a pure element = 0
Oxidation for oxygen (unless it is in peroxide) = –2
• O2 in PbO2 = –2*2 = –4
Sum of oxidation states in a neutral compound = 0
• Pb in PbO2 = +4
Sulfate is SO42–
• Pb in PbSO4 = +2

(Tidied version of steps 2-4 exists below these KA workings)
Step 2 – Writing the oxidation half-reaction
Pb in Pb(s) goes from 0 → +2, which is oxidation:

Since there is a sulfate on the right (since Pb exists as PbSO4), there must also be a sulfate
on the left:

All atoms are balanced, so now we balance charge by adding electrons (which completes
the half-reaction):

Step 3 – Writing the reduction half-reaction
Now do the same steps for the reduction half-reaction:
Pb in PbO2(s) goes from +4 → +2, which is reduction

Balance sulfates

Since we need two more oxygens on the products side, we simply add 2 H2O

Now you need to balance the extra hydrogens too by adding protons:

Now balance charge to finish the reduction half reaction:

Step 4 – Add the half-reactions together, cancelling terms if possible

Tidied:

Balancing the redox reaction of a Nickle-cadmium battery

NOTE – Balancing redox reactions in base uses the same process as doing so in acid, except
in base you must follow an extra step: the protons must be completely neutralized by
adding hydroxide ions, forming water.
Step 1 – Assign oxidation state
Cd is in elemental form
OH is OH–
O is O2–

Oxidation state = 0
Oxidation state = –1
Oxidation state = –2

Step 2 – Write out oxidation half reaction
Balance oxygens with H2O, and then balance hydrogens with H+

Since we are in base, we can add OH– to both sides to remove H+ to instead form H2O,
which can then be canceled if it is present on both sides.

Now that our elements are balanced, we can balance charge using electrons

Step 3 – Write out reduction half reaction
Balance oxygens with H2O (no need here because oxygens are already balanced), and then
balance hydrogens with H+.
Then add OH to both sides to neutralize H+ into H2O

Then balance charge using electrons

Step 4 – Add half-reactions together
Oxidation half-reaction:

Reduction half-reaction:

Needs multiplying through by 2

Now they can be added together and terms canceled

Sound
Production of Sound
Oscillation – Rapid back and forth movement, a vibration
Diaphragm of speaker – Front of the speaker
•

•

•
•

Diaphragm of speaker oscillates back and forth rapidly and causes air in front of it
to oscillate back and forth, which in turn causes the air in front of it to oscillate, and
so forth.
The air is NOT transported (or else we would call it ‘wind’), it simply moves back
and forth in place.
o Only the disturbance within the air is travelling across the room
The oscillating air has kinetic energy.
When the air in front of your ear drum starts to oscillate, the oscillating air
transfers its kinetic energy to your eardrum, which is perceived as sound.
o The transfer of kinetic energy is SOUND

Sound is a wave, because it shares the defining feature of a wave – the ability to transport
energy through a medium (e.g. air) without transporting the medium itself
•

Medium can be air, water, metal, flesh, bone, etc.

Why do we sound different in audio/video recordings?
•

•

When we are speaking to someone, we hear a combination of two contributions
from our voice:
o The soundwave from our mouth, traveling through the air and into our ear.
o The vibration of our soundwave traveling directly through our flesh and
bone from our mouth to our ear.
When we hear our recorded voice, the recording machine only records the sound in
the air, which is then played back and is what we hear.
o So in audio recordings, we are hearing what other people hear (i.e. our own
voice without the contribution of the vibrations traveling directly through
our flesh and bones to our ear).

Sound Properties (Amplitude, Period, Frequency, and Wavelength)
Distance vs. time graph

•
•

•

x-axis
o Time
y-axis
o Displacement (distance) of a single air molecule as it oscillates back and
forth
Center line
o Equilibrium position (i.e. the ‘undisturbed position’ of that air molecule)

Amplitude (A)
•
•

Displacement of the air molecule measured from the center line (equilibrium
position)
↑A = ↑ Volume

Period (T)
•
•
•

Seconds per oscillation (seconds, s)
Time (in seconds) it takes for air molecule to complete one cycle (i.e. travel back
and forth fully one time)
↑T = ↓Pitch

Frequency (f)
•
•
•
•
•

Oscillations per second (1/s = Hertz, Hz)
Frequency = 1/Period
o f = 1/T
↑f = ↑Pitch
Humans can hear 20 Hz to 20,000 Hz
Dogs up to 40,000 Hz

Wavelength (λ)
•
•

Distance between regions of compressed air
Measured in meters

Distance between peaks on a displacement vs. time graph gives us PERIOD
•
•

The time it takes for one wavelength to complete itself, one cycle
Seconds per oscillation

Distance between peaks on a displacement vs. position graph gives us WAVELENGTH
•
•
•

A ‘snapshot’ of the displacement of all the air molecules along that wave at a
particular instant of time.
The distance from one point of a wave to a similar point of the same wave (e.g. crest
to crest, trough to trough)
When y =0, the molecules are at their equilibrium position. When y is close to 0, the
molecules in that area are all really close to their equilibrium position, and so the air
molecules are all really bunched up. To find wavelength, you’d need to find the next
place where all the air molecules are really bunched up in the same fashion, which
would be the next time y = 0. Alternatively, you can find the distance between air
molecules that are all really spread out (e.g. crest to crest, or trough to trough).

Speed of sound
Speed of sound = 343 m/s (in non-humid air at 20°c)
•

Refers to the speed of the disturbance as it moves through the air molecules, not the
speed of the individual air molecules.

Since speed = distance / time, and the speed that we are interested in is that of the
disturbance, we use wavelength as distance and period as time.

v=λ/T
v = λf

(since f = 1/T)

Playing with λ, f, and T do not change speed (v)
Speed (v) remains constant, and the other variables will change to keep it constant (ex.
increasing frequency causes wavelength to decrease)
The only way to change speed (v) of sound is to change the medium itself (ex. air, metal,
water), or change the properties of the medium (ex. temperature, density, humidity).
Changing amplitude (A) doesn’t change the speed (v) at all (see equations), it just changes
the volume.
Sound is a longitudinal wave, because the wave is travelling parallel to the line traced out
by the oscillations of the medium

•
•
•

The other type of wave is a transverse wave, which occur when wave velocity points
perpendicular to the oscillations of the medium (ex. waves on a string, water waves)
Think audience wave – people move up and down, wave moves across.
Think of whipping a long rope

Relative speed of sound in solids, liquids, and gases
To change speed of sound, you need to change the properties of the medium:
•

•

1. Rigidity of medium
o Stiffer medium = faster sound wave
o This is because in a rigid (stiff) medium, molecules have strong
intermolecular forces between them, so any disturbance gets transmitted
faster down the line.
2. Density
o Denser medium = slower sound wave
o Think: dense = sluggish

The following formula considers these properties:
•

v = √(B/ρ)
o v = velocity
o B = Bulk modulus
§ A measure of rigidity (i.e. how hard a material is to compress)
• ex. metals have a large B, marshmallows have a small B
o ρ = density
§ Mass per volume

Ex: Iron
•
•

Very rigid (large B) but also very dense (large ρ)
Usually (as is the case with iron) a large rigidity (B) far outweighs a large density (ρ)
o Thus, sound travels fast through iron, faster than through air.

However, density is important to:
•

If you heat a medium up, its density (ρ) decreases, so sound travels faster
• Ex: Sound travels faster in hot air than cold air.

Decibel Scale
•
•

Used to describe loudness of a sound
β = 10 ⋅ log10 (I / 10-12 W/m2)
o β = decibels (dB)
o 10 makes it deci-bel not just ‘bel’
o log turns enormous numbers to easier/smaller numbers
o I = Intensity of sound
§ Power/Area
• W / m2
• Joules/s / m2
o 10–12 W/m2 = Threshold of human hearing
§ The softest possible sound we can hear

•

ex: Yelling at a friend at I = 10-5 W/m2
§ β = 10 ⋅ log10(10–5 /10–12 W/m2)
§ β = 10 ⋅ log10(107)= 10 * 7 = 70 dB

Why do sounds get softer?
2 reasons as to why sound seems to get softer when you are further from the speaker:
•

Intensity = Power/Area
o Speaker sends out a certain intensity, a certain power/area
o Sound radiates outward in spheres
o As sound travels, the same amount of power gets spread out over a
larger area
§ Sound dissipates
§ Ear only gets the intensity, not all of the power
o Example
§ Person A
• Standing at distance (r)
§ Person B
• Standing at distance (2r)
§ Area=4πr2
• Intensity will be 1/4th if twice as far
o Intensity ∝ 1/r2
o This is an oversimplification, because speaker won’t be sending waves in
perfect spheres. Doesn’t change the fact that intensity is proportional to 1/r2

•

Attenuation – energy gets ‘lost’ to the medium it’s traveling in
o Some energy gets turned into Ethermal of air molecules (random thermal
vibrations of the air molecules)
o

Ultrasound Medical Imaging
•

•

Humans can hear from 20 Hz to 20,000 Hz
o Ultrasound = Sound > 20,000 Hz
o Ultrasound is high frequency (>20,000 Hz), meaning that it is low
wavelength (λ), since v = λf
§ With high frequency and low wavelength, you get less diffraction
(the spreading out of waves and curving of waves around corners,
which would prevent clear images from being formed).
Ultrasound
o Transducer
§ Takes electrical energy and turns it into sound energy
§ Sound energy travels as a pulse
• The pulse will reflect back towards the transducer every time
there’s a change in medium (ex. blood/tissue interface), while
some of the wave will keep going and will continue to travel
until it hits the next change in medium (ex. tissue/blood
interface), etc.

Lines drawn at an angle so we can see them but realistically they would be going straight back

•

The transducer knows when it sent out the pulse, knows when
the pulse got reflected back, and knows the speed of sound
o From this it can determine how far away the sound
pulse was before it got reflected back.
o This allows us to determine shapes, lesions, etc.

Standing Waves in open tubes
Before, we have been looking at moving waves.
Here, we are talking about standing waves, which are defined as a wave that has points
that don’t move (nodes) and points that move a lot (anti-nodes)
Open-Open tube
• Graph:
o x-axis is simply distance along the length of the tube
o y-axis is the distance that a particle has moved from its equilibrium position
(left and right, not up and down like the graph would suggest)
o Snapshot:
§ Air at both ends are free to oscillate (LHS –
negative displacement since particles
moved to the left) (RHS – positive
displacement since particles move to the
right)
§ Air particles in the middle don’t move much
(hence why displacement = 0)

o Over time
§ Air particles at either end are oscillating to
the left and to the right of their
equilibrium positions (antinode – point
where air molecules oscillate wildly)
§ Air particles in the middle of the tube
remains still at all times (node – point
where no oscillation is occurring)

Fundamental wavelength (aka fundamental or first harmonic) – the sound wave with
the longest wavelength (and therefore the lowest frequency).
• This is represented by our purple wave here (which has a wavelength of 2L,
since L is the length of the tube, and it is clear that it is only halfway through its
wavelength by the end of the tube)
o λ1 = 2L
• In this case, there is just 1 node.
Although only the purple wavelength has been shown, multiple wavelengths exist in the
tube at the same time. So long as there is an antinode at either end, there can be
multiple nodes in between
λn = 2L/n
• λn = all the possible wavelengths
• L = length of Open-Open tube
• n = 1, 2, 3, 4
o Tells you which harmonic it is.
o ex. λ3 is 1/3 that of λ1, meaning that f3 is 3 times that of f1 (since λ and f
change proportionally to keep v the same)

Second harmonic
• Two nodes
• λ2 = L

Third harmonic
• Three nodes
• λ3 = 3/2 L

etc.

Summary – in an Open-Open tube, there are always antinodes on either end, with a
variable number of nodes in between, allowing for a number of different wavelengths.

Standing Waves in closed tubes
Open–Closed tube (ex. beer bottle)
• Open end is an anti-node (air particles oscillate wildly)
• Closed end is a node (air particles have no displacement, they are ‘stuck’. Every
time the air molecules ‘try’ to oscillate back and forth, it just bumps into the closed
end and loses its energy)
• Fundamental wavelength (λ1) = 4L in this scenario

•

λ = 4L/n
o λn = all the possible wavelengths
o L = length of Open-Closed tube
o n = 1, 3, 5, 7… odd integers only
§ All even harmonics are missed when there is an anti-node at one end
and a node at one end.

The length of the tube changes depending on how much beer is in a beer bottle (the liquid
level marks the end of the tube, the node):
•
•

Empty beer bottle = ↑L = ↑ λ = ↓f = Lower note (bass-y note)
Almost full beer bottle = ↓L = ↓ λ = ↑f = Higher note (treble-y note)
• Think: rinsing out beer bottles the morning after a party. When you fill the
bottle with tap water, it makes that noise that gradually gets higher and higher
pitches as you fill the bottle up with more and more water.

Doppler effect – Introduction
Scenario:
• One wave source is stationary, the other wave source is moving (right at a speed
of 5 m/s).
• Both are emitting a wave with a velocity (v) = 10 m/s outward with a frequency
(f) = 1 cycle/s
• Although v = 10 m/s is much slower than sound really moves, it will make the
math easier for now

How does an observer perceive these sounds?
• Since the moving sound source is ‘catching up’ to some of its wavelengths while
‘moving away from’ others, wavelength of the sound that reaches the observer
(perceived wavelength) changes depending on where the observer is
• Since perceived wavelength changes, so does perceived frequency (since v = λf and
v remains constant)

Doppler effect:
•
•

When source is moving towards the observer, fpercieved is higher (higher pitch)
When source is moving away from observer, fpercieved is lowed (lower pitch)

Each circle represents where the radiating sound is after 1s, 2s, 3s, etc. (the outermost
circle being the oldest)

Doppler effect – Formulas for observed frequency
When source is moving towards observer:

fo = fs (Vw / Vw – Vs)
•
•
•
•

Observed frequency = fo
Source frequency = fs
Velocity of wave = Vw
Velocity of source = Vs

When source is moving away from observer:

fo = fs (Vw / Vw + Vs)

When observing is moving towards the source:
•

Perceived frequency is higher because more waves hit you per second (aka period
is less because you are meeting the wave crest sooner, in less time)

fo = fs (Vw + Vo / Vw)
•
•
•
•

Observed frequency = fo
Source frequency = fs
Velocity of wave = Vw
Velocity of observer = Vo

When observing is away from the source:
•

Perceived frequency is lower because less waves hit you per second (aka period is
more because you are moving away from the direction of the wave, so it takes
longer to reach you)

fo = fs (Vw – Vo / Vw)

Doppler equation summary:
Moving

Stationary

–––Source––>

Observer

f& = f( )

V+
.
V+ – 𝐕(

<––Source–––

f& = f( )

Observer

V+
.
V+ + 𝐕(

–––Observer––>

Source

V+ + 𝐕𝐨
f& = f( )
.
V+
<––Observer–––

Source

V+ – 𝐕𝐨
f& = f( )
.
V+

fo increases in any scenario where the source and observer get closer together
fo decreases in any scenario where the source and observe get further apart
• So, if you can remember the roots of the equations (in black), you can figure out the
+/– by asking yourself whether fo should be increasing or decreasing, and whether
you should be using Vs (moving source) or Vo (moving observer)
• For moving source equation, variable part on the bottom (‘saucy bottom’)
• For moving observer equation, variable part on the top (‘top of a building is the best
place to observe’)
If period (T) is involved, just remember that f = 1/T to make it compatible with the
equations above.

When the source and the wave move at the same velocity (& Shockwaves)
When source and wave move at the same velocity:

The source (ex. a jet) is traveling at the same speed as the sound waves (Vs = Vw)
For every point source produced, the source remains with the wave front.
When another sound is produced this will constructively add to the wave front.
This point where all the waves constructively interfere is a region of highly compressed air
(highly pressurized)
The observer will hear nothing until the sound waves (and in this scenario the source too)
reaches him, at which time all the sound energy will reach him at once, which will be heard as
a sonic boom (ex. a whip cracking)

•
•
•
•
•

Recall: f& = f( 1
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when –––Source––> Observer

When Vw = Vs, the perceived period will be 0 and the frequency will be undefined (since we
can’t divide by zero)
As Vs approaches Vw, the perceived period will approach 0 and the perceived frequency will
approach infinity

What happens when the jet breaks the speed of sound? (Vs > Vw)
•
•
•

A shockwave occurs, meaning that the region of constructive interference is no longer a
wall, it is instead a 3D cone
Each sound wave originates from a point, and expands radially outwards.
You can draw a triangle for any of these circles (waves) and it will contain the same
information:
Hypotenuse = distance the jet travelled during some time interval (speed of source
can be deduced by dividing by the time interval)
Opposite = distance a sound wave travelled from its point source in that same time
interval (speed of sound can be deduced by dividing by the time interval)
The faster the jet is going, the narrower the cone will be (smaller θ)

Doppler effect – Reflection off a moving object
Scenario – door being thrown at you, so you scream. The sound of the scream reflects off of
the moving door and reflects back to your ear. What frequency of sound do you perceive?
Break it down into two parts:
• 1 | What frequency does the door ‘hear’ when your scream hits it?
o Observer (door) is moving towards the stationary source (person)

s to denote scream, d to denote door

•

2 | What frequency does the person hear when the scream gets back to them?
o The door now becomes a moving source of sound as it reflects the sound
back at you at the same frequency at which the sound hit it.
o Source (door) is moving towards the stationary observer (person)

s to denote scream, d to denote door

We can derive an easier formula

In generic terms:

Reflection off a moving object

V+ED7 + 𝐕𝐨𝐛𝐣𝐞𝐜𝐭
f67897:;7< (&=>< (86&@ ;A7 B76(B7:;CD7 &8 E (;E;C&>E6F (&=6:7) = f( H
N
V+ED7 – 𝐕𝐨𝐛𝐣𝐞𝐜𝐭

Applications:
• Medicine:
o Device sends sound of a known frequency into a blood vessel.
o Sound gets reflected off of vessel and back to the device.
o Device detects how much the frequency changed, and from that it can deduce the
speed at which the blood is moving through the vessel.
• Traffic police:
o This is the premise of radar guns that detect how fast a car is moving (though using
electromagnetic waves instead of sound waves)

Light and electromagnetic radiation
Electromagnetic waves and the electromagnetic spectrum
Normally, currents create magnetic fields, while charges create electric fields
However, a changing electric field in some region of space creates a magnetic field. even
if that region of space has no current in it
Likewise, a changing magnetic field in some region of space creates an electric field,
even if that region of space has no charge in it
Electromagnetic waves – waves that have both electric and magnetic fields, and radiate
outwards, propagating each other and thus allowing independent existence to the parent
charge or current that created them
• Unlike most other waves, EM waves don’t need a medium – they can travel straight
through a vacuum,
• The electric field, magnetic field, and wave velocity are all perpendicular (rightangled) to each other.
o Imagine that the electric field is coming out at or into the screen, and the
magnetic field is going up or down with the screen, and the velocity is going
left or right with the screen.
• The velocity of these waves (the speed at which they travel) is the speed of light (c =
3x108 m/s), because light is an example of an EM wave.
o c = v = λf

EM spectrum – refers to the range of frequencies that an EM wave might travel

Summary:
• EM waves that have both electric and magnetic fields
• The electric field, the magnetic field, and the velocity of EM waves all point in
directions perpendicular to each other
• EM waves move at the speed of light, c
• The EM spectrum is a range of EM waves with different frequencies/wavelengths,
including gamma rays, x-rays, ultraviolet light, visible light, infrared light,
microwaves, and radiowaves.

Polarization of light, linear and circular
Polarization light – light whereby the electric field is only oscillating in a single direction
• Linear polarized - ex. only vertically, or only horizontally, or only diagonally, etc.
• Circular polarized - the angle of polarization rotates smoothly as the light enters
your eye. Requires at least two waves overlapping.

Most light isn’t polarized (ex. light from the sun, light from a light bulb)

Polarizer – a material that only lets light through in one orientation, allowing the
conversion of non-polarized -> polarized light.

When light reflects off of a surface, it becomes partially polarized
• When skiing, sunlight (non-polarized) bounces off of the snow (becoming partially
polarized) and into your eyes.
• Polarized ski goggles only allow light in that that is oscillating in a different
direction to that reflected off of the slow, as to reduce glare from the snow when
you’re skiing (because the reflecting partially polarized light cannot get through the
oppositely-polarized ski goggles)
• Same idea for polarized sun glasses

Simple glasses used to view 3D movies have one lens that allows only vertical polarized
light, while the other lens only allows horizontal polarized light.
• This way, the move can direct what each eye sees, which is used to create a 3D
image
• Explains why without the glasses, 3D movies look so bad – because both eyes are
getting both images at the same time.

A better way to make glasses for viewing 3D movies is to make one lens allow only circular
polarized light in a CW direction and the other only circular polarized light in a CCW
direction, such that if you tilt your head either way, you don’t mess up the 3D effect:

Diffraction, and constructive and destructive interference
Wave interference
• When two waves overlap in the same medium, they can combine to make one
merged soundwave and their effects add together
• Constructive interference:
o Crests align perfectly (in-phase) resulting in a combined wave with a crest
that equals the sum of the heights of the original crests
§ Crest aligns with crest
§ Valley aligns with valley
• Destructive interference:
o Waves are not perfectly aligned, and therefore the crest of one wave will be
dragged down by the trough of another wave.
o The resulting combined waves will have crests and troughs that are smaller
than either of the incoming waves.
o If two waves are shifted by exactly half a wavelength (180° out of phase)
when they merge they will cancel each entirely (which is the premise for
noise-canceling headphones)
§ Crest aligns with valley
§ Valley aligns with crest

Diffraction
When light reaches a tiny hole, the light that manages to get through that whole will spread
out (diffract) on the other side.
• In the process of spreading out, it interferes with itself to create the pattern of light
and dark spots that we call a diffraction pattern
Double split interference
Scenario: light is forced to split into two before continuing its journey.

If the two beams have the same pathlength, or if their pathlength varies by whole multiples
of λ, then their λ will be in sync, and therefore their contributes add together as constructive
interference, which manifests as a bright spot:

As we move from the center point, the two waves’ path lengths (i.e. total distance travelled)
will change. At some point, their path length will hit a point where they are ½ λ out of sync.
In this case, one of the waves will hit the wall as a crest while the other hits with a trough,
so they will cancel out one another (destructive interference), resulting in a dark spot:

If we keep moving down the wall, the path lengths will eventually sync up again and
constructive interference will remerge, etc., leading to an alternating pattern of light and
dark spots

“Double-slit interference patterns come from the light from the two slits interacting“

Single slit diffraction
When the spot is in the center of the wall, beams 1 and 4 have the same path-length, so
they will exhibit constructive interference with each other. Same is true for beams 2 and
3. There will be a bright spot in the center of the wall, because for every beam above the
center point (grey dash), there will be a beam with the equivalent path-length below the
center point that will interfere constructively with it:

Like we saw before, there will be a point on the target wall whereby the path-length of one
wave is half a wave-length out of sync with another wave, then destructive interference
will occur, and when the point where the most destructive interference is occurring will be
a dark spot.
Thus, a diffraction pattern will once again arise:

“Single-slit diffraction pattern comes from each individual slit interacting with itself.”
Comparing slit patterns
As compared to the double-slit diffraction pattern, the single-slit diffraction pattern has
much larger and more spread out spots, and a much larger bright spot in the center.
In the double-slit examples, we pretended that only one light wave could go through each
slit at a time. If we consider that, in reality, a few light waves will be travelling through

each of the slots at once, then we realize that each slit in the double-slit is kind of like its
own single-slit set up.
Thus, we will see two single-slit and a double-slit diffraction patterns. However, since the
slits are so close to each other, the two single-slit diffraction patterns will likely be very
similar, so we can combine them to get the same single-slit diffraction pattern that we got
for one slit.
The single-slit interference will ‘hold back’ the double-slit interference pattern, limiting
how bright the bright spots can be at any given point on the wall. This is because any time
the single-slit diffraction pattern casts a dark spot where the double-slit pattern would be
casting a dark spot, the bright spot will disappear altogether.
Applications:

If the path-lengths of the red link and the blue line are such that the wavelengths are
synced up, then constructive interference occurs between the incoming and reflected
waves.
If the path-lengths are out of sync by ½ wavelength, then destructive interference will
occur between the incoming and reflected waves.
The receiver can try moving closer or further from the cliff to make signal interference
work to their advantage (constructive).

Young’s Double Slit Experiment
Double slit – two holes that are small enough to be called slits, and are spaced apart from
each other by a distance within the same approximate magnitude as the wavelength of the
light.
Laser shone at the holes, with the laser beam being wide enough to hit both slits at once.
Most of the incoming light wave hits the barriers, and only a portion of the incoming light
wave gets through the slits.
Diffraction – the phenomenon whereby wave spreads out when it encounters a hole or a
corner.
• Light diffracting from one slit will at some point interfere with light diffracting from
the other slit, either in a constructive or destructive way.

Solid lines are used to denote wave crests.

Any time two wave crests line up (i.e. solid lines overlap) (shown in white), constructive
interference will be occurring, which manifests as bright spots:

Any time that the crest of one wave lines up with the valley of another wave (i.e. solid line
of one wave is perfectly in-between two solid lines of another wave) (shown in brown),
destructive interference will be occurring, which manifests as dark spots:

This can be graphed as a pattern of light intensity (white squiggly line):

Terminology notes:
• λ = wavelength (distance between two crests of a wave)
• Δx = difference in pathlength (how far the wave travels)

Since constructive interference occurs when two waves are in sync, the Δx between
them must be some order of λ (i.e. Δx = -2λ , -λ , 0, λ, 2λ, … etc.)
Since destructive interference occurs when two waves are out of sync by ½ λ, the Δx
between them must be some order of λ (i.e. Δx = 0.5λ, 1.5λ, 2.5λ… etc.)

Young’s Double Slit Equation
Young’s double slit equation is used to determine Δx (the difference in pathlength between
two waves)

mλ = d⋅sinθ = Δx
•

•
•
•
•

m = order of the point
o 0, 1, 2 … etc. (for constructive points)
o 0.5, 1.5, 2.5… etc. (for destructive points)
o Count with center bright spot being order 0, next dark spot up being order
0.5, next bright spot up being order 1… etc.
λ = wavelength
d = distance between slits
θ = angle of the triangle made from the center line and the spot on the wall
Δx = difference in pathlengths (as derived from trig)

We can say that the line in red is equal to Δx, so long as we assumed that the two cyan lines
are of equal length (although they are slightly different, in very long and skinny rightangled triangles, the hypotenuse becomes very similar to the adjacent in terms of length,
so this is a trick used to simplify the problem).
More on how to derive the formula in the video if knowledge is required on this.

Young’s Double Slit Problem Solving
Scenario: a laser with a wavelength of 700 nm shines through a double slit whose holes are
each 200nm wide and are spaced 1300 nm apart from each other (from their centers). The
screen is placed 3m away from the double slit.
What will be the distance from the central bright spot on the screen to the next bright spot
above it?
Know
•
•
•
•
•

λ = 700 nm
d = 1300 nm
m=1
mλ = d⋅sinθ
L = 3m

•

Since the distance between the centers of the slits was given, we use this as our d, and we
can ignore the information about how wide the slits are. However, say we were told that
the region between the starts of the two slits was 1300 nm apart, then we would need to
add 200/2 = 100nm on either end to get the distance between the centers of the slits (d),
which would then be 100 + 1300 + 100. However, this is not required for this problem, but
be aware of it.

Plug in everything we know into the diagram, solve for θ, then solve for y

Step 1: Calculate θ
•
•

(1)(700) = (1300)⋅sinθ
Estimate this as sinθ ≈ ½, which you should have memorized as meaning θ ≈ 30°

Step 2: Calculate y
•
•
•
•
•
•
•

tan(θ) = O/A
tan(30) = y/3
1/√3 = y / 3
y = 3 / √3
y = 3*√3 / √3*√3
y = 3√3 / 3
y = √3

What happens if distance between the center of the slits (d) were to change?
•
•

mλ = d⋅sinθ
mλ remains the same (since wavelength remains the same and we are still
interested in the same bright spot at m=1)

•

If d increases or decreases, sin(θ) has to do the opposite to keep the equation true
(since mλ remains constant)
o ⇩ d = ⇧ θ = ⇧ distance between m=0 and m=1, between m=1 and m=2, etc.
§ Bright spots that further apart

o ⇧ d = ⇩ θ = ⇩ distance between m=0 and m=1, between m=1 and m=2, etc.
§ Bright spots that are closer together.

Diffraction grating
Young’s Double Slit shows definitively that light can have wave-like interference patterns.
However, the bright and dark spots blend in together. This is problematic, because the
distance between bright spots needs to be measured, but they’re ‘smudgy’. Furthermore,
the bright spots also die off at ~m=5 or 6, making them harder to measure.

Thus, a better way to approach this is to make more slits (holes) that are extremely close
together, but all a uniform distance of ‘d’ apart. This allows us to get distinct spots rather
than smudges on the opposite wall.

Why do we see a different pattern?
Reason for bright spots: Δx between any two waves coming in from any two of the holes
and onto this bright spot is just going to be an some multiple of λ

Reasons for lack of smudge (i.e. clear distinction between bright spot and dark
spots):
If you deviate slightly from the bright point (the constructive point) such that, for example,
we see Δx = 1.1λ, 2.2λ , 3.3λ, 4.4λ, 5.5 λ, 6.6 λ … etc. as we look at the waves from each of
the slits down the line.
•

Each of these can now be paired off as a pair of waves that will interfere completely
destructively with each other
o ex. at the m=1.1 point, the wave coming from the first slit is synced up as a
1.1λ wave while the wave coming from sixth slit is sync up as a 6.6λ wave.
Since 1.1 and 6.6 are 5.5 wavelengths apart, we know they will have perfect
destructive interference, since this occurs when any two waves are an out
of sync by ½λ

In conclusion:
•
•

Exactly at the m=0, m=1, m=3… points will be a concentrated bright spot of light
due to combined constructive interference.
Any deviation from the perfect m=0, m=1, m=2… results in complete darkness due
to pairing of waves to cause destructive interference

Using multiple slits/holes like we have done here is called Diffraction Grating
•

•

Diffraction Grating is more useful than a double slit because it bypasses the smuges
and gives you clear dots that can be easily measured
o Young’s Double Slit equation can still be used – nothing has changed other,
we just a have a ‘less noisy’ and more clear ‘black and white’ representation
of what is happening.
Number of holes is measured in lines/cm (or conceptually this can be thought of as
holes per cm), which is typically in the realm of the thousands.

Single slit interference
Huygen’s Principle – you can treat every point on a wave (ex. every point on a wave front,
represented by solid lines) as a source of another wave that spreads out spherically – a
wave front is an infinite source of waves that will eventually interact and add up to give
you the same wave front right back.

This is always happening, but we can’t ‘notice it’ because the waves are always adding up.
However, when a barrier is encountered, some of these ‘miniwaves’ (own term) are
blocked while a few of these ‘miniwaves’ do make it through. Those that do undergo this
lonely diffracting process where they are unable to ‘find’ their partner wave that they
would normally pair up.

This allows for single slit inference, whereby the ‘miniwaves’ that do make it through )))
the hole will remain unpartnered because some of the wave was left behind
‘Miniwaves’ that make it through:
‘Miniwaves’ that don’t make it through:

)))

x

Since some do and some don’t, the full wave form can’t reform on the other side of the
barrier.

In the case of single slit interference, m = 1 is the first dark spot on the wall, m=2 is the
second dark spot of the wall, etc.

mλ = w⋅sinθ
•
•
•
•

m = order of the DESTRUCTIVE POINTS which are denoted by m=1,2,3,4 counting
up from the center line, and m≠0
λ = wavelength
w = width of the slit
θ = angle of the triangle made from the center line and the dark spot on the wall

Finding the neighboring (weak) constructive points requires a much harder formula, so for
our purposes, we can approximate them by taking the mid-point between two destructive
points
Width of the center bright spot can be found by finding y for m = 1 and y for m = -1, and
adding them together

Thin Film Interference
Can happen naturally
ex. thin film of oil floating on a puddle, or thin film of a soap bubble creating a rainbow-like
pattern

Process:
• Note: any time light hits an interface between two mediums, some of it will pass
through while some of it will reflect.
• Light wave (ex. from the sun) reaches the thin film (ex, oil)
• Some of the light wave gets reflects off the top of the film right back on top of it self,
• Some of the light wave continues through the oil and eventually hits the water,
whereby again some light will reflect while some will continue on through the
water.
• The reflected wave from the oil and the reflected wave from the water can now
interfere with each other as they reach our eye (either constructively or
destructively, depending on Δx)
Recall:
• Constructive if Δx = 0, λ, 2λ, … mλ
• Destructive if Δx = 0.5λ, 1.5λ, 2.5λ… m+½λ
• However, this is the opposite if one of the waves started 180° (π shifted) as
compared to the other one. π-shifts can occur any time a wave is reflected!
ex: two waves, one starting π shifted as compared to the other. Even though Δx=0.5λ, the
waves are interfering constructively:

π-shift in a reflected wave means that a wave that comes in as a valley leaves as a peak, and
vice versa.

Whether a π-shift occurs depends on the speed of the wave in those materials
• If the wave hits a medium that it moves slower through compared to the medium it
was previously in, there will be a π-shift
• In our example:
o Vair = 3.0 x 108 m/s
o Voil = 2.0 x 108 m/s
o Vwater = 2.15 x 108 m/s
o So light travels through the air, hits the oil.
o Since Vair > Voil, any light that is reflected will be π-shifted.
o The light that continues through the oil eventually hits water.
o Since Voil < Vwater, no π-shift occurs in the reflected light.
o Thus, we now have one wave reflected from the oil that is π-shifted, and
another wave reflected from the water that is not π-shifted (it remains in the
original phase that it was in)
§ In this scenario, the rules for the Δx of
constructive/destructive interference
would be switched, as we mentioned

Δx = 2t
• Δx = difference in path lengths between the two
reflected waves
• t = thickness of the thin film
o The light wave that gets reflected off of the under
layer has to travel across the film in one direction
and then back across the film in the other
direction, hence why it travels 2t more than the
wave that is reflected off of the thin film straight
away
• Δx = 2t is always true

Black wave – original light wave
Grey wave – wave reflected off of oil (π-shifted)
Blue wave – wave reflected off of water (no phase shift)

The other thing to consider is that wavelength (λ) of the wave changes in the thin film
• When calculating 2t, you should recalculate λ according to v = λf.
• You know the velocities, you know that frequency doesn’t change (since it is always
dependent on the source, so you can figure out the new wavelength in the medium.

Index of refraction (n) is a ratio of speeds that compares the speed of light through a
vacuum to the speed of light through a particular medium
Vmedium = c/nmedium
• c = speed of light in a vacuum (i.e. 3.0 x 108 m/s)
ex. nyour favourite medium = 2
• Vyfm = 3.0 x 108 m/s / 2
• Vyfm = 1.5 x 108 m/s
• i.e. light moves through a vacuum twice as fast as it does through your favourite
medium
Might see the expressions tidied up a little sometimes like this, but to me it is more
intuitive to keep it simple and figure out λ etc as we go.

Application – antireflective coating (ex. on a car) is a layer that gives causes a π-shift
while the material beneath it doesn’t, and the coating is so thin compared to the λ of light
that m = 0, so the rule flip flops and destructive interference occurs, hence ‘antireflective’ –
we don’t see the reflection because the light is subject to destructive interference.

Photon Energy
EM waves (including light) have both wave- and particle-like behavior
A photon is a single quantum of light. Light deposits a discrete quantum, meaning that it
either deposits all its energy or nothing at all (i.e. deposits energy in discrete amounts –“all
or nothing”)
Quantifying this energy: Ephoton= hν
•
•
•

E = The amount of energy in 1 photon
h= Planck’s constant
o 6.26 x 10-34 J⋅s
f = frequency of wave (sometimes written as ν (nu))
o Oscillations/second (measured in Hz)

Infrared and UV/Visible spectroscopy
Introduction to infrared spectroscopy
Shining infrared (IR) light on a molecule causes the molecule to absorb energy from the
light. This energy can cause a bond to stretch (stretching vibration).
We model this concept by imagining that the bond = spring, and stretching vibration =
oscillation of said spring

IR spectrum:

Transmittance (y-axis)
• 0% transmittance = all of the light was absorbed by the molecule
• 100% transmittance = all the light was transmitted through the sample, and nothing
was absorbed by the compound.
Wavenumber (x-axis)
• v~ = 1/λ
o v~ = wavenumber
o λ = wavelength
• v~ = f/c

o
o
o
o

v~ = wavenumber
f = frequency (may be seen as ν, nu)
c = speed of light
Just derived from the above formula combined with c = λf

Diagnostic region – signal in this region is diagnostic for a particular functional group
• ex. signal at v~ = 2100 is diagnostic for a triple bond
Fingerprint region – signal in this region is unique to each molecule, allowing us to match
IR spectra to standards to ID a molecule. Anything to the right of v~ = 1,500. Includes single
C-C bonds.

Bonds as springs

•
•
•
•

foscillation = frequency of oscillation (oscillations/second)
o may be seen as ‘ν’ (nu)
k = spring constant (= bond strength)
m1 and m2 = masses of the nuclei of the atoms either side of the bond
o Use atomic masses from periodic table
μ = reduced mass (just using a ratio for now, not worrying about amu – that’ll come
up in next video)

So, stronger bonds (ex. C=C rather than C-C) and lighter atoms (ex. C-H rather than C-C)
have a higher frequency of oscillation, meaning that they vibrate faster
• Since frequency and wavenumber are directly proportional, we can say that these
rules correspond to a higher wavenumber too – next lecture)

Signal characteristics – Wavenumber
To use the formula with amu (atomic mass unit) and wave number, you’ll need to use
Avogadro’s number and do some formula switching:

Strength of a single bond ≈ 5 x 105
Strength of a double bond ≈ 10 x 105
Strength of a triple bond
≈ 15 x 105
Examples:

Plotted:

Take home message – wavenumber signal relates to (i) weight of atoms (lighter = further
to the left) and (ii) strength of bond (stronger bond = further to the left)

IR spectra for hydrocarbons
The strength of the bond (k) is affected by the hybridization of the carbon.

The more ‘s’ character you have, the closer the electrons are to the nucleus, and therefore
the shorter the bond. Shorter bonds are stronger.

Left:
•

50% S character of the sp hybridized carbon = C-H bond is shortest = C-H bond is
strongest = has a higher ‘k’ = higher wavenumber (since k and wavenumber are
proportional)

Right:
• 25% S character of the sp3 hybridized carbon = C-H bond is longest = C-H bond is
weakest = has a lower ‘k’ = lower wavenumber (since k and wavenumber are
proportional)
Example 1:

v~ = 3,300
• sp-hybridized C–H
~
v = 2,900
• sp3-hybridized C–H
~
v = 2,100 to 2,300
• C≡C
v~ = 1,500 to 0
• Fingerprint (ignore for our purposes)

Example 2:
v~ = 3,100
• sp2-hybridized C–H
~
v = 2,900
• sp3-hybridized C–H
~
v = 1,650
• C=C
~
v = 1,600-1,450
• C=C bond in an aromatic ring

Signal characteristics – Intensity
Dipole moment effects the intensity of the signal
• Larger dipole moment = Larger intensity of signal (stronger signal)
• Small dipole moment = Smaller intensity of signal (weaker signal)
Dipole moment = δ x d
• δ = partial charge
• d = distance between dipoles (δ+ and δ–)
Example 1:

(Top) Large dipole moment between the sp2 hybridized carbon and the oxygen in a
carbonyl (C=O) group, since oxygen is very EN. Thus, the signal is strong.
(Bottom) Alkyl groups are slightly electron donating, so there will be a small dipole
moment between the alkyl tail of the hydrocarbon and the sp2-hydridized carbon that it is
attached to. Thus, the signal is weaker, since the dipole moment is smaller.

Example 2:

(Bottom) In a symmetrical alkene, the electron donating effect of the alkyl groups cancel
each other, so there is no dipole moment. Thus, this signal is completely absent in our IR
spectrum.
Thus, a molecule needs to have at least a small dipole moment for IR spec to work
properly,

Signal characteristics – Shape
Shape is particularly important for alcohols.
Hydrogen bonding between the O–H - - - O–H will weaken the O–H bond.
• Weakening the bond = ↓k = ↓v~

(Top) The degree of H-bonding that will be occurring will be varying, so k will be varying,
and by that token, so will v~. Thus, we get a range of v~ for the O-H, which shows up as a
broad signal rather than a sharp peak
(Bottom) H-bonding can’t occur if it is prevented by steric hindrance between molecules.
Thus, the signal for O-H will still occur, but there is a lack of broad signal that would
normally arise due to the varying ‘k’ (and therefore varying v~).
Summary
• Broad signal –> think hydrogen bonding (ex. alcohols)
• Broad signal is prevented if steric hindrance prevents hydrogen bonding

Typical IR spectrum for a carboxylic acid:

Identifying a carboxylyic acid:
• Lots of opportunity for H-bonding = very wide, rounded peak centered around
v~ = 3,000
• C=O bond (large dipole moment) = very intense peak at the higher end of the
double bond region

Symmetric and asymmetric stretching
E = hv~c
• E = energy of a photon
• h = Plank’s constant
• v~ = wavenumber
• c = speed of light
E ∝ v~
• ‘More energy is needed to stretch a stronger bond’
N-H bond is stronger than C-H, and therefore has a higher v~
Spectrum for a 2° amine (N with two C attached):

Q: How do you know that the signal at 3,300 is a N-H bond and not the signal bond of a sp
hybridized C–H bond?
A: There is no C≡C signal in the triple bond region on the spectrum

Spectrum for a 1° amine (N with one C attached):

Symmetric stretching – both H are stretching away from the N at the same time
• Requires less energy, so will be found at a lower wavenumber (recall, E ∝ v~)
Asymmetric stretching – each H is stretching away from the N ‘out of phase’ from the
other
• Requires more energy, so will be found at a higher wavenumber
The two signals are not because there are two N-H bonds – it is because some of the
molecules are undergoing a symmetric stretch, while others are undergoing an
asymmetric stretch.
Summary:
• 2° amine will only give one signal in the X-H region
• 1° amine will give two signals in the X-H region due the presence of a combination
of symmetrically and asymmetrically stretching molecules

IR spectrum for an acid anhydride:

Strong signal in double bond region –> due to presence of carbonyl group (C=O)
Two signals next to each other –> due to symmetric and asymmetric stretching of the two
C=O

IR signals for carbonyl compounds
Resonance lowers wavenumber
• Since the molecule at any given time is a hybrid of the resonance structures, the
double bond is more like a single/double bond hybrid
o Weaker bond = ⇩ k = ⇩ v~
•

Example 1: Simple example
o C=O bond is more like a
, which is a weaker bond that a straight up
double bond.
o Resonance = Weaker bond = ⇩ k = ⇩ v~

•

Example 2: Conjugated molecules
o Terminology note:
§ Conjugated = alternating single and multiple bonds

o Conjugated molecules can form resonance structures:
o C=O bond is more like a
, which is a weaker bond.
o Resonance = Weaker bond = ⇩ k = ⇩ v~

Induction increases wavenumber
• Terminology note:
o Induction = competes with resonance. Example: Atom ‘Y” is very EN relative
to C, and will draw electron density towards it. Electron density from the ‘O’
will move into the C-O bond to increase the strength of the carbonyl bond
• Since induction increases the strength of a bond…
o Induction = Stronger bond = ⇧ k = ⇧ v~

•

The inductive effect, if present, is a little bit stronger than the resonance
effect.
o Thus, in a molecule that has both resonance and induction, we expect
‘k’ (and therefore v~) to be slightly higher than average.

Comparing IR signal for carbonyl compounds:

Wavenumber range is of course 1650 to 1850, the double bond region. We can think of the
average wavelength of this region as somewhere in between the two, at around 1,740
3

2

•

Ester
(a carboxylic acid derivative) – has both resonance and induction,
and since induction has a slightly stronger effect than resonance, we expect k (and
∴v~) to be slightly higher than average.

•

Acid anhydride
– the inductive effect is even more important than the
resonance effect, so we expect k (and ∴v~) to be even higher.

o Recall: we would expect two signals, one for symmetrically stretching
molecules and one for asymmetrically stretching molecules
1

4

5

6

7

•

Acyl- or acid-chloride – inductive effect completely dominants the resonance effect
(even more than the previous two), and so k (and ∴v~) is the highest

•

Aldehyde – has an H so not worried about induction. Alkyl group (R) on the left has
an electron donating effect, which means some electron density is lost from the C=O
bond, weakening it. This reduces k (and ∴v~)

•

Ketone – has two alkyl (R) groups, so even more electron donating effect on the
carbonyl carbon, and so electron density is further including to leave the C=O bond
and move onto the O as a lone pair. This further reduces k (and ∴v~)

•

Carboxylic acid – H-bonding will be occurring, which weakens the carbonyl bond,
which reduces k (and ∴v~) even further

•

Amide (a carboxylic derivative) – resonance (usually) ‘wins’ over inductive effects
with amide groups, since the amino group donates electrons to the carbonyl carbon
via resonance. Since resonance weakens the carbonyl bond greatly, this reduces k
(and ∴v~) the most out of all these molecules.

IR spectra practice
Example 1:

•
•
•
•

No signal in double bond region → rule out the carboxylic acid
No two peaks side-by-side → rule out the 1° amine
o Recall: asymmetric and symmetric bond stretching representatives
Wide, smooth peak on LHS of v~ = 3,000 → caused by hydrogen bonding (think:
alcohol)
Thus, the spectrum is for the middle molecule.

Example 2:

•
•
•

No signal in triple bond region → rule out the alkyne
Signal is double bond region is very weak → rule out the molecule containing the
carbonyl
Spectrum is for the (left) aromatic ring molecule
o The weak signal that is slightly farther right in the double bond region is
typical for a C=C bond in an aromatic ring

Example 3:

Strong peak in double bond region is C=O bond → rule out the alcoholic ring
Middle structure is conjugated, so the carbonyl group can be resonance stabilized. This
weakens the C=O bond, so we would expect to see the C=O peak quite far to the right. This
doesn’t appear to be the case
The right structure doesn’t get resonance stabilized, so the C=O bond is very strong, and
we would expect this to be further to the left of the double bond region.
• From the spectrum, it looks like this is the case, so the spectrum is for the RHS
molecule.

UV/Vis spectroscopy
Before:
Now:

Molecules absorbing IR light
Molecules absorbing visible light or UV light.

UV/Vis spectrometry – light with 200 nm ≤ λ ≤ 800 nm (x-axis) is shone through a
molecule and absorbance is measured (y-axis)

λmax = 217 nm
• Meaning that this molecule absorbs light the best (maximum absorption) at a λ of
217nm
• Since it absorbs light in the UV region (less than 400nm), its neither absorbs nor
reflects visible light, meaning that it is colourless.

Ground state (the lowest energy state, before light is shone at the molecule)
• All four C in this molecule are sp2 hybridized
o This means each one of these carbons has three hybridized sp2 orbitals and
one non-hybridized p orbital (atomic orbitals, AO)
o When talking about molecular orbital theory, four AO recombine to form
four molecular orbitals, MO (two bonding MO and two anti-bonding MO)
§ Bonding MO are lower in energy than anti-bonding MO
• This molecule also has 4 π electrons (1 π bond/double bond, 2 π electrons/π bond,
2 double bonds)
o 4 π e– will go in the lowest energy positions first, and will pair in spins.

Excited state (light shone on the molecule and the molecule absorbs the light’s energy)
• The energy difference (ΔE) between the HOMO (highest occupied MO) and LUMO
(lowest unoccupied MO) is what we are concerned with when we think about a
molecule absorbing energy
o A π electron absorbs energy from the light and gets ‘promoted’ to a higher
energy level
• Since E = hν, and c = λν, we can say that E = hc/λ
o Thus, the ΔE between the HOMO and LUMO corresponds to a particular
wavelength of light.

Example 2: ethanal
Ground state
• Molecule has 2 π electrons in total (2 π electrons / π bond, 1 π bond/double bond, 1
double bond)
• Both π electrons will go into our bonding MO
Excited state
• Two possibilities, resulting in two peaks on a UV/Vis spec diagram:
o Left | One of the bonding π MO will be promoted to become an anti-bonding
π MO (π → π*)
o Right | The non-bonding electrons (lone pairs) on the oxygen occupy a nonbonding MO (n), which is slightly higher in energy than bonding MOs. Thus,
we can have a (n → π*) transition
§ This energy difference is smaller, and since E ∝ 1/λ, the wavelength
of light absorbed is higher.

Absorption in the visible region
For something to have a colour, it needs to absorb light in the visible region of the EM
spectrum (400nm to 700nm)

VB G YOR
ROY G BV
Colours across from each other on the colour wheel are complimentary colours:

Absorption of a colour = Reflection of its complimentary colour
Reflection of a colour = Absorption of its complimentary colour
The colour we ‘see’ is the colour that a molecule reflects.
Ex. a compound that we see as orange (ex. beta-carotene, the compound that makes carrots
orange) must reflect orange wavelengths of light into our eye, meaning that it must absorb
blue wavelengths of light (since blue is the complimentary colour to orange).

Conjugation and color
Ethene
• Ethene has two sp2-hybdrized carbons, meaning that each carbon has a p orbital
(atomic orbitals, AO)
• The 2 AO will recombine to form 2 MO (one bonding MO and one anti-bonding MO)
o Bonding MO is lower in energy, anti-bonding MO (AB MO) is higher in
energy
• Ethene has two π e– (two π electrons/π bond, one π bond/double bond, molecule
has one double bond)
o These two π e– will go into the bonding MO
• The ΔE between the HOMO and LUMO corresponds to a particular wavelength of
light.
o Recall: E = hc/λ
o In the case of ethene, this λ = 171nm
§ Thus, a light that has a λ = 171nm has the perfect amount of energy
for one of the π electrons to jump from the HOMO to the LUMO in a π
-> π* transition

1,3-butadiene
• 1,3-butadiene has four sp2-hybdrized carbons, meaning that each carbon has a p
orbital (atomic orbitals, AO)
• The 4 AO will recombine to form 4 MO (two bonding MO and two anti-bonding MO)
o Bonding MO are lower in energy, anti-bonding MO (AB MO) are higher in
energy
• 1,3-butadiene has four π e– (two π electrons/π bond, one π bond/double bond, two
double bonds present)
o These four π e– will go into the bonding MO
• The ΔE between the HOMO and LUMO corresponds to a particular wavelength of
light.
o Recall: E = hc/λ
o In the case of 1,3-butadiene, this λ = 217nm
§ Thus, a light that has a λ = 217nm has the perfect amount of energy
for one of the π electrons to jump from the HOMO to the LUMO in a π
-> π* transition

1,3,5-hexatriene
• 1,3,5-hexatriene has six sp2-hybdrized carbons, meaning that each carbon has a p
orbital (atomic orbitals, AO)
• The 6 AO will recombine to form 6 MO (two bonding MO and two anti-bonding MO)
o Bonding MO are lower in energy, anti-bonding MO (AB MO) are higher in
energy
• 1,3,5-hexatriene has six π e– (two π electrons/π bond, one π bond/double bond,
three double bonds present)
o These six π e– will go into the bonding MO
• The ΔE between the HOMO and LUMO corresponds to a particular wavelength of
light.
o Recall: E = hc/λ
o In the case of 1,3,5-hexatriene, this λ = 258 nm
§ Thus, a light that has a λ = 258 nm has the perfect amount of energy
for one of the π electrons to jump from the HOMO to the LUMO in a π
-> π* transition

Conjugation and colour
• Most organic molecules are colourless (ex. three examples above) because they
absorb light in the UV region of the EM spectrum (meaning that the don’t absorb or
reflect light in the visible light spectrum)
• Increased conjugation = increased wavelength of light that is absorbed
o Thus, an extensively conjugated molecule will eventually be able to absorb
light at a wavelength that corresponds to visible light (past 400 nm), and
therefore the molecule will now be able to reflect the complimentary colour,
and will ‘have a colour’ that we can see.
• Ex: beta-carotene (note the high degree of conjugation)

•

Ex. phenolphthalein (common pH indicator used in the lab)
o Works on the basis that is changes colour at different pH, since pH changes
the degree of conjugation, which change it between colourless (less
conjugated) and pink (extensively conjugated)

Summary:
• Since E ∝ 1/ λ, the smaller the ΔE between the HOMO and LUMO, the higher the
wavelength of light that the molecule absorbs.
• Increasing the degree of conjugation increases the length of wavelength that a
molecule absorbs.
• Extensive conjugation will eventually lead to colour
o The more conjugated a molecule, the higher the λ it can absorb, which
eventually leads to it being able to absorb (and reflect) in the vis light
spectrum.

Proton nuclear magnetic resonance
Magnetic resonance imaging (MRI) article
MRIs produce far more detailed images of the structure of BVs, nerves, bones, and organs
(compared to x-rays, CTs, ultrasounds, etc.)
Broad overview:
• Magnetic field of the MRI aligns water molecules in a certain way.
• The MRI machine then pulses in radio-frequency EM waves to excite the water,
which then re-release the EM waves
• The MRI records the locations of said EB waves with high accuracy.
• Different tissues interfere with EM waves coming from the water molecules.
Detailed:
In the presence of a strong magnetic field (created by the MRI), every proton (H) of a water
molecule twists its orientation to align with the poles of the magnetic field.
The MRI internationally disrupts this magnetic field by sending a brief pulse of an
additional, weaker EM field (sending in radio frequency photons), which point in a
different direction to the original, constant magnetic field
• This disrupts the protons and causes them to become transiently misaligned with
the constant field. They will gradually re-align with the original constant field.
Recall how electrons in different atomic energy levels can absorb re-emit photons when
changing energy levels.
• A similar thing happens here – the gradual realignment of the nuclear magnetic spin
results in the emission of the low-energy, radio frequency photons that were pulsed
in.
• The time and amount of re-alignment changes based on the thickness and hardness
of the tissue where the water molecules are location
• The detection of the intensity of these re-emitted photons by the MRI allows the
locations and shapes of different tissues to be identified.
o Protons in dense or solid structures tend to be prone to a particular degree
of misalignment when the disrupting radio waves are applied to the body’s
tissue, resulting in a lower number of re-emitted photons coming from that
region and thus a darker area in the resulting image.
Increasing image quality in MRI
• Use stronger stationary magnetic field
• Apply the radio waves multiple times, take multiple images, and merge them to
yield a final, combined image.
• Inject a contrast agent (ex. Gd(III)) into the patient’s bloodstream.

o Contrast agents have unusual electrical properties that disrupt the effective
magnetic field experienced by protons in the bloodstream, which in turn
changes the amount of photons that the protons will absorb (& re-emit).
o This allows BVs to stand out from neighboring tissues

fMRI:
• The electrons of oxygen in oxygenated blood tend to block applied magnetic fields,
which screens the hydrogens in water molecules from the applied magnetic field,
and therefore decreases the rapidness with which they will align with it.
• Deoxygenated blood does not have this screening effect, and so the protons align
much faster, leading to more radio-frequency photons visible to the MRI detector.
• This can be used to gather information about the changing distribution of
oxygenated blood in the brain over time (which correlates with neural
activity), and therefore fMRI is useful for neuroscientists to look at brain activity
during specific tasks.
Nuclear Magnetic Resonance (NMR) spectroscopy:
• NMR uses the resonant properties (‘jiggling’ of protons) of the atoms that comprise
it to ID unknown compounds
• MRI is essentially NMR, but was just named something different because people
were reluctant to undergo ‘nuclear’ treatment
o The main different is that NMR generates information based on the
frequency of the emitted radiation (the frequency at which the protons
‘jiggle’), while MRI generates information based on the intensity of emitted
radiation (the quantity of re-emitted photons)
Process:
• Unknown compound is put in a static magnetic field, briefly excited with radiofrequency photons (light), and then allowed to re-emit those photons.
• The characteristic frequency of re-emitted photons varies very slightly based on the
structure of the molecule, allowing an ID if you have a reference NMR reading for a
known compound.

Introduction to proton NMR (H-NMR)
The nucleus of a hydrogen atom is a proton, which has a property called spin.
Since a proton has charge, and any moving charge creates a magnetic charge, a proton can
be thought of as a ‘tiny magnet’

The north pole of a magnet will, by default, point towards magnetic south (geographic
north)
• Low energy state
To get the north pole of a magnet to point towards magnetic north (‘against its will’), you
need to put some form of energy into it (ex. using your finger to spin and hold the needle)
• High energy state

The same idea works for protons:
• B0 = applied external magnetic field
o The magnetic moment of the proton will either align with (α spin state) or
against (β spin state) the external magnetic field
o There is a difference in energy between these two spin states
o If a stronger magnetic field is applied (↑B0), the ΔE between spin states will
be increased

If a proton absorbs energy, it can flip from the lower energy spin state (α) to the higher
energy spin state (β), causing the nucleus to now be ‘in resonance’ with the magnetic field
(hence: nuclear magnetic resonance, NMR)
ΔE is related to frequency (ν) via E=hν
• This frequency falls within the radio-wave range of the EM spectrum
FT-NMR:
• Sample of compound is put in an external magnetic field
• The nuclei can either be in the α or β spin state, but there is a slightly excess of
nuclei in the α spin state.
• Sample is hit with a short pulse that contains a different range of frequencies, which
cause the nuclei in the α spin set to assume the β spin state
• When these nuclei fall back down to the α spin state, they re-emit the radio-wave,
which is detected by the NMR machine.
• Our NMR reading displays peaks at certain frequencies (x-axis) and peak intensity
(y-axis) (i.e. number of absorptions)
• This is used to understand different structures of unknown molecules

Nuclear shielding
Diamagnetism
• The electrons circling the proton creating an induced magnetic field (Bin) that
directly oppose the applied magnetic field (B0)
• Thus, the proton experiences a smaller overall magnetic field, the effective magnetic
field (Beff)

The proton is said to be ‘shielded’ from the B0
• The more electrons around the proton, the more reduced the effective magnetic
field experience by the proton (i.e. more shielding)
Example:
• H+ – since this bare proton has no electron density round it, it is completely deshielded
o This de-shielded proton feels the full effect of the applied magnetic field (B0)
o Greater B0 means a greater ΔE between the α and β states
o Since E ∝ ν, deshielded protons absorb at higher frequencies
• H–C–(CH3)3
o Since the bolded proton has some circulating electron density (in the C–H
bond), it is somewhat shielded (the circulating electron density is creating a
magnetic field, Bin, that opposes the applied magnetic field, B0, and so the
proton ‘feels’ a smaller effective magnetic field, Beff)
o Since the magnetic field strength corresponds to the ΔE between the α and β
states, this shielded molecule will have a smaller ΔE between states
o Since E ∝ ν, shielded protons absorb at lower frequencies than deshielded
protons

In older types of NMR, ν was held constant while B0 was varied:
• Downfield – lower B0 strength required
• Upfield – higher B0 strength required

Chemical equivalence
Groups with chemical equivalence will not show as their own peak on the H-NMR
spectrum

Hints:
• The protons of methyl groups (CH3) are always chemically equivalent
• If a chiral center is present, the protons on the adjacent CH2 are not chemically
equivalent
• Looking at symmetry helps (can be useful for benzene rings if you redraw them
with a circle in the center, like above)

Chemical shift
The protons on TMS are almost completely shielded (most shielded = lowest energy =
lowest frequency)
• Thus, we use TMS as a standard for a new scale, chemical shift, where the chemical
shift (ppm) of TMS = 0, and everything else is compared to this using the following
formula:

o Spectrometer frequency is a pre-defined frequency that the NMR spec
machine operates at

•
•

Further right on NMR graph = Lower frequency signal = Lower chemical shift
Further left on NMR graph = Higher frequency signal = Higher chemical shift

Example: Given that the observed shift from TMS of a compound is 2181 Hz, and the
spectrometer frequency operates at 300 MHz, what is the chemical shift (δ)?
• Note: mega = million, so times by 1,000,00 (i.e. 106)

Electronegativity and chemical shift
Chloride (Cl) is much more EN than C, so Cl will draw some electron density from C, giving
Cl δ– and C δ+
• Think of it like the δ+ now pulling some of the electrons on the C–H bond towards it.
• Since electrons induce a magnetic field that shields some of the applied field, but
now you are taking some of those electrons away, these protons are becoming
slightly less shielded (more deshielded)
• Deshielded = Greater Beff = Greater ΔE between α and β spin states = Larger
frequency absorbed = Further left
EN atoms de-shield protons, giving them a larger chemical shift (further left)

g
e

f

h

d

c

•

Proton is well shielded

•
•

y represents some EN atom (e.g. oxygen, chlorine)
y withdraws electron density from the carbon, which deshields the proton

•

ends up with a chemical shift somewhere between (g) and (e) because although
there is an EN atom, its not directly bonded to the carbon of interest

•

H-bonding has a de-shielding effect, so the more H-bonding, the more de-shielding
the effect (ex. alcohols)

•
•

Proton on an sp2 hybridized carbon
sp2 hybrid orbital has more s character than sp3, so holds electrons closer to the
nucleus. Thus, the carbon is withdrawing electron density from the proton,
deshielding it
o Note: doesn’t hold true for sp3 – see next lecture (diamagnetic anisotropy)

•

See next lecture (diamagnetic anisotropy)

b
a

•

Oxygen withdraws electron density away from the carbon bound to the hydrogen

•

Hydrogen bonding effects, EN effects, resonance effects all add up to leave the
hydrogen heavily deshielded

Diamagnetic anisotropy

Current (I) and electrons (e–) move in opposite direction.
Magnetic field lines in blue
If benzene is put in an applied magnetic field (B0), Benzene’s six π electrons are going to
circulate to create an induced magnetic field (Bin)

For the proton circled in purple, both the B0 and Bin are acting in the same direction,
Thus, for this proton, Beff = B0 + Bin
Larger magnetic field = higher ΔE = higher ν absorbed = higher chemical shift.

Example 2: Ring with both outer protons and inner protons
• Since the Bin works with B0 on the outside of the ring, Beff is higher… higher
chemical shift (like we saw with benzene)
• Since the Bin works against B0 in the middle of the ring, Beff is lower… lower
chemical shift
o In fact, δ = –2
§ This is because chemical shift is modeled with TMF = 0, but TMF
doesn’t have this additional shielding effect that these inner ring
protons are having.

Example 3: Triple bonds
• Since B0 causes π electrons to circulate (shown in red), which again creates a Bin
• The proton circled in purple feels a smaller Beff, since Bin is working in the opposite
direction to B0
o Smaller Beff means lower chemical shift than expected, due to this effect

Integration
Integration = area under each signal
• This corresponds to the number of protons in the signal
1) Count all protons on your dot structure
2) Divide all integration numbers by the lowest integration number
3) Multiply the new numbers by a value such that when added together, they will account
for all your protons

Spin-spin splitting (coupling)
Given the following structure, we would expect the NMR spectrum given at the top, but
what we actually see is the NMR spectrum at the bottom, due to spin-spin splitting

Why? Because the two protons are interacting to result in coupling (spin-spin splitting)
• Bin of the red proton can either be aligned up (matches B0) or down (opposes B0).
• If Bin and B0 are working in the same direction, then Beff felt by the blue proton has
increased (= higher chemical shift, first peak)
• If Bin is working against B0, then Beff felt by the blue proton has decreased (= lower
chemical shift, second peak)
• Vice versa – the Bin of blue proton can align either way too and have the same effect
on the red proton.
• This results in each of the peaks being split at slightly different chemical shifts,
depending on whether Bin of the other proton is aligned with or against B0

Example 2:
The two protons in red have four possible combinations of magnetic moments that will
affect the proton in blue.
• (⇧⇧)
o Increases Beff felt by blue so increases chemical shift
• (⇧⇩) or (⇩⇧)
o Doesn’t change Beff felt by blue (since the Bin of each red proton cancel each
other out) so chemical shift remains unaffected (signal is at the correct
chemical shift)
§ Signal is twice as intense, because there are two ways that you can
achieve this, (⇧⇩) and (⇩⇧), so twice the probability that this event
will occur
§ Thus, combinations that have the same effect don’t add extra peaks,
they add extra intensity
• (⇩⇩)
o Decreases Beff felt by blue so decreases chemical shift
• Triplet – a signal that is split into three different peaks
The protons in blue has two possible combinations of magnetic moments that will affect
the protons in red.
• ⇧
o Increases Beff felt by red so increases their chemical shift
• ⇩
o Decreases Beff felt by red protons so decreases their chemical shift
• Doublet – a signal that is split into two different peaks

Multiplicity: n+1 rule
n+1 rule allows us to predict how many splits per peak we would see on an H-NMR
spectrum:
o n+1 = number of peaks would we expect to see
o n = number of protons* on neighboring carbons
o *These protons must be equivalent to each other
o See ‘Complex splitting’ for when neighboring protons aren’t equivalent

Chemically equivalent protons do not spin-spin their chemical equivalents
For spin-spin splitting to occur, two conditions must be met:
o (a) couples must be on neighboring carbons
o or on the same carbon (germinal coupling) if and only if condition b is met
too, i.e. the protons are in different environments, ex. next carbon along is
chiral, carbon is part of a double bond with unequal substituents along the
chain, etc. – see next lecture)
o (b) couples are not chemically to each other

Satisfies condition (a), doesn’t satisfy condition (b) = no spin-spin splitting

Doesn’t satisfy condition (a), doesn’t satisfy condition (b) = no spin-spin splitting

Coupling constant
Since the C is double bonded to the next C, there is no rotation around the bond.
This means that the two protons are ‘locked’ into different environments, and are not
chemically equivalent.
Thus, they satisfy the n+1 rule, and they can couple (germinal coupling)

Coupling constant – the distance between the two peaks of the signal
o Measured in Hz
o Always the same for protons that are coupled
If you draw an arrow towards the higher peak, it will point towards the proton to which it
is coupled

Coupling constant (Example 2):

Complex splitting
Complex splitting – occurs when a proton has two different kind of neighbors
o In this case, the n+1 rule cannot be used
Example:

Underlined protons are not chemically equivalent to each other, so n+1 rule won’t work.
Splitting tree:
o Think of it like applying the n+1 rule twice, one after the other, in a splitting tree.
o Coupling constant must be used as a scale for the splitting tree so that you can
see if lines will overlap or not (ex. if both were 12 Hz instead – see bottom left)
o In this case, we have made a ‘doublet of doublets’, or a ‘double doublet’ (top left)

Spitting tree, example 2:

Hydrogen deficiency index
Alkanes:
o Number of H = 2C+2
Every pair of missing hydrogens = 1 degree of unsaturation = HDI of 1
HDI = +1 for every double bond or ring structure
HDI formula:
½ (2C+2 + N – H – X)
o C = number of carbons
o N = number of nitrogens
o H = number of hydrogens
o X= number of halogens
HDI is a useful tool to determine how many double bonds or ring structures are present in
a molecule when given only the molecular formula

NOTE: The full formula is not shown until the last panel
NOTE: if you see HDI = 4, think benzene ring

Proton NMR practice
Steps:
o HDI index to get an idea of double bonds or ring
o Integration value to determine number of protons represented by each peak
(account for all protons form the molecular formula)
o Determine number of neighboring protons for each peak by doing the n+1 rule in
reverse
o Assign a possible position based on chemical shift (ex. chemical shift is between
2 to 3 ppm? Likely a proton next to a carbonyl, since the protons are somewhat
deshielded)

Example 2:

HDI = 4, think benzene ring
Signal with high chemical shift (over 7 ppm) – likely the protons around the benzene ring
(chemically equivalent so to speak)

Example 3:

Why not

?
Because the signal for the circled protons would be closer to 4 ppm, and the signal for the
purple protons would be closer to 2 ppm (their signal locations would be switched) due to
the deshielding effect.

Example 4:

Example 5:

Example 6:

Why not 3 peaks for the blue proton, since it has 2 neighbors?
Because it is part of an alcohol functional group, so it rapidly passes/transfers between
molecules, which is such a fast process that the proton never stays long enough to interact
with these neighboring protons, so the NMR machine usually doesn’t shown any splitting.

Thin lenses
THIN LENSES
THIN LENS SIGN CONVENTIONS
Thin lenses ex. eyeglasses, magnifying glasses, contact lenses, and the lens of your eye
Lenses bend light that passes through them.
o Direction and amount that the light bends depends on the curvature of the lens,
material that lens is made of, and the material in which the lens is immersed
(usually air)
o Converging lens – both sides of lenses curve outward
o Light bends from distant objects towards a single point (focal point is
obvious and is on the opposite side of the lens that the light came from)

o Diverging lens – both sides of the lens curve inward
o Light from distance objects bends outward (focal point is on the same side of
the lens as the light rays were coming from)

o In reality, there is actually two focal points for every lens (one either side of the
lens)
o Focal length – distance from the center of the lens to either focal point (same for
both)
o Positive for converging lenses
o Negative for diverging lenses

Thin lens rules and sign conventions
Magnification (m)
o Magnitude
o Magnification of 1 = object size
o Magnification < 1 = image is smaller than object
o Magnification > 1 = image is bigger than object
o Sign
o Magnification is negative = image is upside-down
o Magnification is positive = image is right way up
Example:
Converging lens – if object distance is greater than 2 x focal length, image will be:
o Positive distance (opposite side of lens)
o Negative magnification (upside-down)
o Magnification less than 1 (smaller image)

o ex. using a magnifying glass and pulling it too far from the page = image flips and
gets smaller. The point where this happens is the focal point on the negative side.
Converging lens – if object distance is less than 1 x focal length, image will be:
o Negative distance (same side of lens and actually behind the object)
o Positive magnification (right-way-up)
o Magnification greater than 1 (larger image)

ex. using a magnifying glass properly

CONVEX LENSES (CONVERGING LENS)
In general, mirrors reflect light. Conversely, lenses transmit or refract light.
Concave (diverging) means it opens inward, like a cave.
Convex means it kind of opens outward.

Symmetry

If light travels thru air and hits the lens (with a higher index of refraction) then the light will refract.
Look at the image below. At the top of the lens the light rays are diffracted downwards. The rays at the
bottom of the lens are refracted upwards.
The parallel light rays seem to converge at a point. This is called the focus (or ‘focal point)
The length from the center of the convex lens to the focus is called the focal length.

“Something coming in parallel on the left side will go through the focal point on the right side, while
something going through the focal point on the left side will come out parallel on the right side. This is
due to symmetry”

See how the light is flipped in orientation, explaining why the image gets flipped
Look above. The focal point lies on the principal axis of the lens ( the principal axis refers to the line
passing thru the center of the surface of the lens).

Light rays coming from either side diffuse out in all directions. In the image above, for example, light
coming from the left hand side can pass thru the focal point on the left of the convex mirror and diffract
parallel to the principal axis. The other option is that the light can initially travel parallel to the principal
axis and diverge to the focal point to the right of the convex mirror.
Images that have a length greater than that of the the focal length made by a convex mirror are inverted
and real.

CONVEX MIRROR EXAMPLES
Going to put objects at different distances relative to the convex lens.
Better diagram after all the KA screenshots (scroll down)
If the object (o) is greater than 2f (2 focal lengths), then the image is inverted and real, but
is smaller than the object

if the (o) is at a distance of 2f, then the image is real, inverted and the same size as the
object.

if the (o) is between 2f and f, the image is real inverted and larger than the object.

if the (o) is at the focal point, the eye does not register an image. The eye does not see the
light converging at a single point. The rays are traveling parallel to each other (no
refraction of the light rate when it goes directly through the center of the lens).

if the (o) is less than 1f away from the convex lens, then an enlarged virtual, upright image
will be formed.

Summary:

Draw two lines from the tip of the object:
o One horizontal that hits the lens and directs to the focal point
o One slanted that goes straight through the center of the lens
Where the lines meet (includes the dashed line) will tell you where the image is, which way
up the image is, how big the image is, and whether the image is real vs. virtual
o Real image = can be projected onto a screen or wall, and everyone in the room can
look at it
o Rays properly converge with no need for dashed line extensions
o Virtual image = can only be seen by looking into the lens and cannot be projected
o Rays only converge if you draw some dashed line extensions
If lines don’t converge, draw dashed lines going in the opposite direction and see if they
eventually converge (virtual image, see below)
o ex. object between F and lens
If lines don’t converge even after drawing dashed lines, image will not form
o ex. object at F

CONCAVE LENSES (DIVERGING LENSES)
Concave means caving inwards (principal axis and 2 focal points shown below)
We see two rays below, one that gets diffracted and one that does not. The ray that gets
diffracted diverges away from the principal axis. The other ray does not get diffracted and
passes straight thru the center of the convex lens.
The viewer sees an image that is smaller than the object, virtual and upright.

Draw two lines from the tip of the object:
o One horizontal that hits the lens and directs upwards, as if a line is coming from the
negative focal point (dashed line)
o One slanted that goes straight through the center of the lens
Where the lines meet (includes the dashed line) will tell you where the image is, which way
up the image is, how big the image is, and whether the image is real vs. virtual
o Real image = can be projected onto a screen or wall, and everyone in the room can
look at it
o Rays properly converge with no need for dashed line extensions
o Virtual image = can only be seen by looking into the lens and cannot be projected
o Rays only converge if you draw some dashed line extensions

OBJECT IMAGE AND FOCAL DISTANCE RELATIONSHIP (PROOF FORMULA)
Skip ahead for equations and examples
By creating a similar triangle on both sides of the convex lens, a relationship between
object distance (do), image distance (di), and focal length (f) can be expressed.

The following equation was formed based on simple geometric relationships.

After some algebraic manipulation, the thin lens equation can be derived.

THIN LENS EQUATION AND PROBLEM SOLVING

Ex:
Given do and f for a concave lens; find di and find M

MULTIPLE LENS SYSTEMS

The first step in solving a multiple lens system is to treat each mirror separately.
Ex. Find the image distance with respect to the convex mirror. The image distance will then
be used as the object distance for the system involving the second, diverging mirror. This
image that the diverging lens produces is what will be registered by the eye shown on the
right.

The magnification for the first mirror and second mirror can be solved separately.
The total magnification can be found by multiplying the independent magnifications:

DIPOTERS
⇩ f = ⇧ impact on light trajectory = ⇧ lens power
⇧ f = ⇩ impact on light trajectory = ⇩ lens power
Lens power = 1 / f

ABERRATION
Parallel light rays are supposed to be sent directly through the focal point for a convex lens.
However, there are inherent problems (aberrations) with lenses:
Chromatic aberration – different light colors get bent differently based on their
frequency (ex. blue light gets bent more than red because blue has a higher frequency)
Spherical aberration – light that gets sent from the top gets bent more than the light from
the center, meaning that the focal point is wider and less of a precise point:

THE HUMAN EYE
The lens of the eye has a natural concavity.
The ciliary muscles stretch the lens to change its shape to ensure that the image forms on
the retina, regardless of how far or close the object is.
The image that forms on the retina is an upside-down, real image. This image is taken by
the optic nerve and to the brain where it is ‘flipped’ again so that we can see it properly.
Some people’s lenses place the image either too far in front or too far back from the retina,
and therefore experience blurry vision.
Nearsighted people can see near objects but struggle seeing far objects because the image
gets focused in front of their retina (object and image is too far away!)
o They need a concave (diverging) corrective lens that will make a virtual image that
is a little closer than the actual object.
Farsighted people can see far away objects but struggle seeing near objects because the
image gets focused behind their retina (object and image are too close!)
o They need a convex (converging) corrective lens that will make a virtual image that
is a little further away than the actual object.

Diopters, Aberration, and the Human Eye (same as above, ignore this unless
concepts from above weren’t clear)
Thin Lens equation: 1/f = 1/i+ 1/o
•
•
•

Lens power is the expression (1/f), where f is the focal distance measured in meters
Lens power is measured in diopters.
High powered lens have sharper curvature (smaller radius) and bends the light more
abruptly onto a shorter focal length.

Spherical Aberrations

The problem with the spherical lens, is the light closer to the edges bend the light more (higher
refraction) than in the center. This results in a diffused focusing pattern and will produce a blurry
image. When then assume that the angle is very small, and we produced the thin lens equation.
Spherical lenses have this aberration. Thin lenses do not.
Chromatic Aberrations

Another type of aberration is chromatic aberration. This occurs because light with a higher
frequency, tends to be refracted more than low frequency. Therefore, blue light will bend more and
will experience a higher 'apparent' lens power than red light.

Eyes

In the eyes, the thin lens equation applies.
Our ciliary muscles stretch the lens to decrease increase the focal length (hence decreasing lens
power).
When the muscles relax, the lens returns to its default size (more spherical, smaller radius, higher
power). The image distance (i) should always be directly on the retina. In the eye, this should never
change. Only the object distance & focal power changes when using the thin lens equations.
Nearsightedness
This means that we can only see objects that are close to us. When objects are far away, the lens
produces an image that is in-front of the retina. To make a clear image, we need to increase the
distance this image is projecting so it reaches the cornea. The cilliary muscles will try to pull the
lens to reduce the focal power, which will push the image further back. However, in nearsighted
people, the muscles cannot stretch it enough, so the image still falls short of the retina. To fix this
we give them diverging glasses, which have a negative focal distance. This means the glasses have a
lens negative diopters (focal power). When that is added to our eye's lens power (these properties
are additive), then we can produce the image on our retina.
Farsightedness
This means we can only see objects far away. When close up, the image is projected behind the
retina. Your eyes do not have enough power to refract the image directly onto the retina. This is
fixed by providing converging lenses which add positive diopters to the lens system

Spherical Mirrors
Virtual Image

An example here deals with a book and a plane mirror (flat, planar, reflective surface).
We know that the book is diffusely reflecting any light that is being shone on it. Although it
is reflecting light in many directions, we will pick two that happen to be diffusing radially
outward towards the mirror.
Incidence angle = reflection angle
o The mind registers light rays that diverge from a single, common point.
o To the observer, it looks like this single common point is behind the mirror, because
the brain extrapolates the reflection lines backwards (shown as dotted lines)
o There isn’t actually anything behind the mirror, so what we are seeing is a virtual
image of the book (the mirror image, the image isn’t actually there)
Another example:

Parabolic Mirrors and Real Images
Parabolic mirrors = convex or concave mirrors (as opposed to plane mirrors)

Can be either concave

or convex

The cross-section of a parabolic mirror is simply a parabola (shape shown below)

CONCAVE PARABOLIC MIRRORS

Light rays coming in parallel to the mirror’s principal axis will reflect to a single point
called the focus (or focal point)
All the light focusing at a single point can allow you to heat water using the sun simply by
pointing the mirror towards the sun and running a water pipe through the focal point.

Alternatively, parabolic mirrors can be used to diffuse the light or energy.
Light source is placed at the focal point and pointed towards the mirror. Light will hit the
mirror and reflect back out at an angle that is parallel to the principal axis. If you orient the
parabolic mirror properly, you can change the direction the light is reflected.
ex. lightbulb and parabolic mirror used to direct car headlights towards the road rather
than shining radially outwards and all around.

Parabolic mirrors form real images (as opposed to plane mirror which form virtual
images)
Real image – point is really there and is projectable (can be seen as it is by everyone)
Virtual image – point seems to be somewhere but actually isn’t (can only be seen as it is by
the observer)
Point of curvature (c) is equal to two times the focal length (2f) (whereby focal length is
the distance from the vertex of the parabolic mirror to the focal point)

A green arrow to the left of the center of curvature (c) reflects light in all directions, but for
simplicity we show one light ray moving parallel to the principal axis and the other
traveling straight through the focus.
The purple light ray travels parallel to the principal axis and reflects through the focal
point.
The green light ray travels through the focal point and reflects parallel to the principle axis.
The point at which these two rays converge where the real image will form.
If you were to put a screen or wall there, it would show the image, since the real image is
projected.

Concave parabolic mirrors continued
focus (f)
center of curvature (c) = 2f
Image beyond 2f

Green arrow represents an object that stands beyond the center of curvature.
The light travels in all directions, but for simplicity sake we choose an incident ray of light
to travel parallel to the principal axis and another to travel straight through the focus, then
reflect off the mirror and travel parallel to the principal axis.
Whatever light is being reflected from the green arrow will converge at the point where
the inverted, real (but smaller) image is formed between f and 2f
Object at 2f
The image will form as inverted and real, but will be the same size as the original object.

Object between f and 2f
The image is real, inverted, but is larger than the original object. The image will be beyond
the center of curvature.

Object f
Our simplistic rule of two rays (one parallel and one through f) doesn’t work here, since
the original object is physically at the focal point.
In this case, we will replace the ray that usually passes through f with a ray that hits the
vertex of the parabola and reflects at the same angle as that of the incident angle.
When the object is at the focal point, all the light coming off the object from every direction
will be made parallel. The light doesn’t converge to a point to form a real image. The light
doesn’t look like its diverging from a point to the right of the mirror so it won’t form even a
virtual image. In this case, no image is formed when an object is at the focal point.

Object between f and vertex of mirror
In this case, both incident rays travel parallel to the principal axis and diverge outward.
The rays do not converge to a single point but look to originate from a single point to the
right (behind) of the parabolic mirror. In this case, we are forming a virtual image. It will
also be larger than the original. If you go to a fun house at an amusement park, this is what
you see when you stand in front of a huge parabolic mirror.

CONVEX PARABOLIC MIRRORS
All the examples we have been doing so far have been with concave mirrors that open up
towards the image. We cared about the inside of the mirror. For concave mirrors, light
would reflect off mirrors, go the focal points and create images.

Here we care about the outside of the mirror or the outside of the bowl if you think of the
mirror as a bowl. Here we assume the reflective surface is on the outside as opposed to on
the inside of the mirror. The focal point is still on the inside of the mirror but the object is
on the outside of the mirror.

Imagine a light source shining light upon an object and the object reflecting the light in all
directions. For our purposes, the useful light rays are the ones
1) being reflected parallel to the principal axis and
2) the ones that would go through the focus (if extended by dashed lines).
So again, the first light ray would travel parallel to the principal axis and reflect in a way
which would seem like the light is coming from the focus. In order to understand this, look
at the yellow line shown in the image below.
The second light ray travels as though it is going through the focus and then reflects
parallel to the principal axis. Look at the purple line below to understand this visually.

The rays do not converge when reflected so a real image is not formed. In this case it looks
as though the rays are diverging from a single point, which indicates a virtual image is
formed. The image is also upright.
The takeaways here are that when dealing with a convex parabolic mirror a virtual image
is formed. The image will also be smaller compared to the object.
Summary:
o If the reflected rays don’t converge, no real image is formed. Try drawing
backwards from the reflected rays with dashed lines. If the dashed lines eventually
merge, this tells you that a virtual image has formed. If even the dashed lines don’t
eventually merge, then no image at all forms.

“Objects in the mirror are”… actually images in the mirror (article)
Article is essentially just a nice summary of the mirror section with better drawn images.
Read article if notes aren’t clear enough
Link
Summary from Google Images:

Reflection and Refraction
Specular and Diffuse Reflection
There are two types of reflection: specular reflection and diffuse reflection
Specular reflection – the typical reflected light ray that we expect from smooth surfaced
mirror
Angle of incidence = Angle of reflection.
o Angles measured from the normal line (perpendicular to the mirror)

Diffuse reflection – reflection of light from an unsmooth surface (i.e. essentially anything
surface that is not a mirror)
Angle of incidence ≠ Angle of reflection
o The light hits and surface and travels in all different directions.

In specular reflection, the image is somewhat preserved. Imagine that we are looking at a a
forest with a body of water-between us. The body of water serves as a flat reflective
service, so our brain registers an identical image of the trees.
In diffuse reflection, our example would be the light reflecting off of the trees and coming
directly to our eyes.

Specular and Diffuse Reflection 2
Specular and diffuse reflection can happen at the same time. Let’s take for example an
apple. Some incident rays of light hit the apple and reflect at the same angle as that of the
incident (specular reflection)
Whatever the light source was (in this case let’s say it’s white light from a small bulb), an
identical image will be shown on the apple. We can see this below.

The rest of the apple is red, however. Why? When white light hits the apple, the apple
absorbs every color from the spectrum except red. Whatever is not absorbed is what we
see. Now we can see that red light is diffusely reflected off the apple.

Look at the picture below. Just to reiterate, the light that specularly reflects off the apple
(white dotted arrows) maintains the image, this is why we see the light bulb on the apple.
Most of the light reflects diffusely, however, as seen by the red arrows.

Refraction and light bending (article)
Now talking about refraction (instead of light reflecting, it starts going through the next
medium)
Analogy for light hitting a new medium:
o Imagine an horizontal line of people walking on the beach towards the water.
o The person at the end of the line reaches the water first and keeps walking, but
slows down as his transitions from air to water. The rest of the group keep up their
speed.
o Then the next person reaches the water and slows, while the rest of the group
remain up to speed.
o Etc. etc., the result is that the line has changed its course, diverting towards the
normal line (drawn perpendicular to the shore line)

The same thing happens when a light ray moves from air to water, or from any medium to
a slower medium – it bends towards the normal.

If you imagine this as a river instead, you can imagine that the first person who got in the
water would be the first person out of the water too, so the original line of people gets
reestablished at the exact same angle that they were at before they entered the water.
The same is true for light:

Least time principle

Analogy
o Your path to the boat is longer in terms of distance but shorter in terms of time,
because you spend more time running and running is quicker than swimming.
o Your friend’s path to the boat is shorter in terms of distance but longer in terms of
time, because he spends more time swimming and swimming is slower than
running.
Light does the same thing when moving between mediums – it takes the path that will take
the shortest amount of time possible when accounting for the difference in speeds between
the mediums (i.e. it takes the path that spends the least time in the dense medium)

Refraction and Snell’s Law
Incident light ray travels in a vacuum and hits the surface of a body of water with an angle
of q1. The light will bend since it travels slower in water than it does in air

Another analogy:
o Imagine a car traveling along a concrete road (fast medium) before traversing into
the mud (slow medium). The right side of the car hits the slow mud first and slows
down straight away. However, the left side of the car is in contact with the concrete
longer and therefore moves slightly clockwise before fully crossing into the mud.

Light behaves in the same way

Snell’s law

Index of refraction – how much faster light moves in a vacuum compared to a given
medium
Examples:

ex. “light travels 2.42 faster through a vacuum than through diamond”

Refraction in Water
Why does a straight straw look bent in water?
Light travels faster in air (n ≈ 1) than in water (n = 1.33), so light coming out of the water
at an angle and moving into a faster movement will refract away from the normal line
(think of the car example)

Snell’s Law Examples
Ex:

Example 2:

Find velocity in the unknown medium:

1.29 = 3 x 108 m/s / v?
v? = 2.32 x 108 m/s

Example 3:
Here, a person is sitting at the end of a pool with a laser pointer. They shine it 1.7 m above
the surface the pool and it travels 8.1 m to reach the surface of the water. The light then
hits the bottom of the water 3m below its surface. Our goal is to try and find the distance
from the edge of the bottom of the pool to the point where the light ray hits.

By finding the individual lengths of the 2 yellow lines, we can find what we are looking for.
We can do this with some simple trigonometry and Snell’s law.
To solve for the longer yellow line, simply use Pythagorean theorem as seen below (we are
setting x equal to the length of the long yellow line).

.

We finally get x = 7.93 m
Now we need to find the length of the smaller yellow line using some basic trigonometry
and Snell’s law.

Look above, we know the lengths of all sides of the triangle so we can use basic
trigonometry to find the angle of incidence (q1).
sinq1= opposite/hypotenuse=7.92/8.1
Now we can use Snell’s law to solve for the index of refraction (q2).

Once we have the index of refraction, we can solve for the length of smaller yellow line.
Lets assume we label the smaller yellow line “y” and solve for it. We can again use basic
trigonometry to do just that.

y = 3.255 m.
Remember, our goal is to try and find the distance from the edge of the bottom of the pool
to the point where the laser hits the bottom of the pool. We need to add “x” and “y” to find
what we are looking for.
The value is approximately 11.18 m from the edge of the pool.

Total Internal Reflection
Total internal reflection can only happen when the incident medium has a greater n than
the next medium
Summary:
o Critical angle (θc) – the incident angle that causes a refracted angle of 90°
o Simply found using Snell’s law (plug in θ2 = 90° and solve for θc aka θ1)
o Any incidence angle greater than θc = light can’t escape the interphase, so instead of
some light reflecting and some light reflecting, now all light will reflect and none will
refract (total internal reflection)

Dispersion

Dispersion –white light (which is composed of a combination of all visible wavelengths)
will disperse/separate into individual colours when the white light passes from air to
water.

Why does dispersion happen?
o Dispersion happens because the indices of refraction for water (and most
other materials) are actually a function of the wavelength of the light
o Ex. we generalize and say that nwater = 1.33
o In reality, each wavelength of visible light has its own nwater
o Ex. nwater red light = 1.33, while nwater blue light = 1.34
o For most materials, the smaller the wavelength of the light, the larger the index of
refraction.
o To keep Snell’s law true (n1sinθ1 = n2sinθ2), if n2 increases then θ2 must decrease.
o Smaller wavelength light = Larger index of refraction = Smaller θ2 = Bends more
(since θ2 is measured from the normal line, so having a smaller θ2 means closer to
the normal line which means more bending from the original path)

o ⇩ λ = ⇧ n = ⇩ θ = ⇧ bending

o ex. Violet rays have the smallest wavelength for visible light, so they bend the most

Atomic nucleus
Atomic number, mass number & isotopes

Isotopes of Hydrogen

Isotope notation:
• Subscript for atomic number (Z, purple) (aka # of protons)
• Superscript for mass number (A, red)
# of electrons = Z – Formal Charge
# of neutrons = A – Z
• Neutrons (N) + Protons (Z) = Mass number (A)
Isotope
Protium:
Deuturium:
Tritium:

Composition
1 Proton + 0 neutrons
1 Proton + 1 neutron
1 Proton + 2 neutrons

Mass number (A)
1
2
3

Hyphen notation for isotopes:
Carbon-13 means the isotope of carbon with where mass number (Z) = 13
•
•
•

ACarbon = 6
ZCarbon-13 = 13
# neutrons in Carbon-13 = Z – A = 13 – 6 = 7

Atomic mass
Atomic mass units (amu) – 1 amu is 1/12 the mass of an atom of carbon-12.
1 amu = = 1 g/mol = 1.55 x 10–24 g

Atomic mass is the average mass of all the isotopes of an element
•
•

This is the value you’d find on a periodic table
The atomic mass for carbon (in general) is actually 12.01 amu, since it is a weighted
average of the two isotopes of carbon (12C and 13C):

Mass Defect and Binding Energy
Q: Calculate mass for the 4He nucleus

•
•
•

•

With a known proton mass & known neutron mass we can predict the mass of the helium
atom
We see that actual mass is less than predicted mass
Mass defect = Difference between the predicted mass and actual mass
• This ‘mass defect’ is due to mass that was converted into energy when the nucleus
was formed
Nuclear binding energy = energy released when a nucleus is formed (= energy required to
break the nucleus apart)
• When the nucleus forms, a small amount of mass is converted into energy which is
then released.
• This binding energy is the same energy we need to break the subatomic particles
apart.

•

Einstein's equation can tell us the binding energy by converting amu -> kg and
plugging in the mass defect
• E = mc2 (where mass in in kg)
• 1 amu = 1.66054x10-27 kg
•

Nuclear stability & nuclear equations
Nucleon = A word that refers collectively to a proton or neutron

Electrostatic force – repulsion of the like-charges of the protons
Strong force – exists between the different nucleons and holds the nucleus together
•

Has to be stronger than the electrostatic force such that the nucleus is stable.
o Exists between N:P, N:N, and P:P

N/Z ratio
•
•
•

•

N = number of neutrons
Z = number of protons
Example: 24 He
• 2/2 = 1
• For nuclei with small numbers of protons, the stable N/Z ratio is 1
Example: 614 C
• 8/6 > 1
• When ratio is greater than 1, the nucleus is not stable, and will undergo beta (–)
nuclear decay

Beta (–) nuclear decay:

•
•
•

The new N/Z ratio = 7/7 = 1, and so now the element is stable.
The total number of nucleons is conserved (since the mass is still 14) and total charge is
also conserved
See next lecture for beta (-) decay detailed

However, when we get to higher atomic numbers, around Z = 20, the stable N/Z ratio increases to
1.5.
•
•

This is because at this Z level we have even more protons and thus even more electrostatic
repulsion.
In this case, we need more neutrons to overcome the repulsion by providing more strong
force.

Once Z is > 83, the electrostatic repulsion is so great, the strong binding force cannot overcome
this. These atoms are radioactive and there’s nothing that you can do.

Types of Nuclear Decay
Nuclear decay causes the nucleus to shoot out some fast-moving particle.
α decay
•
•
•
•
•
•
•

Nucleus is unstable and wants to get to a more stable conformation.
To do this, it emits an alpha particle (hence alpha decay) from the nucleus.
An alpha particle is simply two protons and two neutrons, emitted from the
nucleus, without any electrons
A particle with two protons and two neutrons is a helium nucleus with no
electrons (He2+)
The parent nucleus loses a mass of 4 amu and is decreased by 2 protons
Example: Po ––> He2+ + Pb2In reality, the lead just immediately gives up its electrons to Helium.

β decay
•

Nucleus is unstable and wants to get to a more stable conformation.

•
•

Negative β decay
Neutron emits an electron to become a proton

•

Occurs when Neutrons/Protons > 1

•

There is now one more proton (so element is next element along in periodic table),
but there is also one less neutron (so mass number stays the same, since mass
number = protons + neutrons)
Example: Pb ––> Bi+ + e–

•
•
•
•
•
•

N/Z > 1

for small atoms

•

Positive β decay
Proton emits a positron to become a neutron.
A positron (e+) is a particle much like an electron but with a positive charge
There is now one less proton (so element is now the previous element in periodic
table), but there is also one more neutron (so mass number stays the same, since
mass number = protons + neutrons)
Example: Pb ––> Ti– + e+

•

Thus, beta particles are either electrons or positrons

γ decay
•
•
•

•

A nucleus gets excited by gaining energy, causing the nucleons to move slightly
further apart from each other.
As the nucleus relaxes, the nucleons move closer to each other.
As these nucleons take a more relaxed position (moving to a lower energy state),
they release the excess energy as high energy electromagnetic wave, called a
gamma-particle (a high-energy photon that is very dangerous and can pass through
most common shielding materials, and can cause DNA damage in living tissues)
No change in mass, charge, or Z

↑ Summary of the
‘writing nuclear equations for decay’ video

Cosmic radiation – unusual, high-energy particles that are emitted from dying stars and
other things in space. They mostly consist of extremely high energy photons (gamma
radiation). Since astronauts don’t have the full benefit of Earth’s thick atmosphere to
protect them from cosmic rays, their spaceships will need to be well equipped to shield
them from cosmic radiation.

Decay and mathematics (summary of multiple videos & articles)
Half-life (t½)– the time taken for the radioactivity of a specified isotope to fall to half its
original value
Exponential decay plot and equations:

Since the mass of an isotope in a sample is directly related to the total number of atoms in
the sample, the total mass of an isotope also decays exponentially with the same decay
constant, M(t) = M0 e–kt
Exponential decay graphs can be made by running an unknown radioactive isotope
through a mass spec to determine the total mass of radioactive material within it

Semi-log plots
If you take the natural log (ln) of both sides of the equation, simplify, and then rearrange,
you can get it into a form of y = mx + b

This form of the graph is much more useful to determine decay constant (λ), etc. from
experimental data.

Carbon dating:
•
•
•

•

Most living things contain carbon-14, an unstable isotope of carbon that has a halflife of around 5,000 years.
That means that when scientists dig up fossil bones, they can figure out how old
they are by measuring the amount of carbon-14 remaining in the bones.
Ex. If a fossil bone has half as many of carbon-14 nuclei as a new, non-fossilized
bone, then scientists can guess that the fossil is roughly 5,000 years old (since t½ for
C-14 is ~5,000 years).
Carbon dating simply relies on the modeling of decay graphs and the determination
of how many half-lives have passed.

Mass spectrometry
Mass spec can be used to separate two isotopes of an element, so long as the two isotopes
have a different mass (A).

First step is ionization – electron gets removed from each of the isotopes, producing
positive ions
Next step is to accelerate the ions over a potential difference (ΔV)
When the ion is moving at a velocity (v), it enters a region of the mass spectrometer that
has a uniform magnetic field (B)
FB = qvB
•
•
•
•

Magnetic force (FB)
Charge of the ion (q)
Velocity of the ion (v)
Magnetic field (B)

The magnetic force (FB) causes the ion to change its trajectory, actually causing it to move
in a circle, because magnetic force(FB) is always perpendicular to the velocity (v).
Thus, magnetic force (FB) will always point towards the center of the circle (and thus, FB is
a centripetal force)

Knowing that this is a centripetal force, we know that it will undergo centripetal
acceleration, which is a function of radius. By putting a few equations together and further
deriving, the following equation for radius can be found:

If we assume that the magnetic field (B) and the potential difference (V) are constant, and
the charge of ions (q) is equal to each other, then the only thing that is different between
the two ions is the mass.
Thus, if mass increases, so does radius.
•
•

In our example, the 92238U ion will follow a circular path with a bigger radius than
the 92235U ion, allowing separation of our ions based on mass.
This is a very accurate way to determine mass.

Side note: Hidden in the equation is a m/q (mass of charge) term, which is why you’ll see
M/Z (mass-to-charge ratio) in many mass spectrometers

Electronic structure
Photoelectric effect
Photoelectric effect – if a photon with the right kind of frequency hits a material, it can
knock some of the material’s electrons loose (collision of particles), which causes a current
of electrons to flow.
• This is a good demonstration of how light sometimes acts like a particle.
• The ‘freed electron’ is called a photoelectron
• One photon -> One photoelectron
• Ephoton = Eo + KEphotoelectron
Eo is the energy that it took to free the electron (work function). The rest of
the energy is converted into kinetic energy (KE)
Example:

Ephoton > E0, or else the photon is not high enough energy to produce a photoelectron.

Bohr model radii
Bohr model is not reality but is a useful model to us

rn = n2r1
•
•

n = orbit number
n =1 is used for an electron is in the ground state (lowest energy state)
r1 = radius of the smallest electron orbit around the nucleus
r1 = 5.3 x 10–11 m

Note: in the image the radii are drawn equally spaced, but the squared in the equation tells
us that they would get exponentially more spaced apart at each orbit.

v = nh/2πmr
•
•
•
•
•

v = velocity of the electron
n = orbit number
h = Plank’s constant (6.626 x 10–34)
m = mass of the electron (9.11 x 10–31)
r = radius

Bohr model energy levels

•

E1 = Energy of an electron in the lowest energy of hydrogen (ground state)
Can be expressed in joules (J) or in electron volts (eV)
E1 = -2.17 x 1018 J
E1 = -13.6 eV

Examples:

Energy increases as you move outwards
• E3 is the highest energy level out of the three here (E3 > E2 > E1)

To promote and electron to the next energy level, you need to give that electron enough
energy to do so (ex. an electron in n=1 needs (-3.4) – (-13.6) = 10.2 eV to get to n=2)

E = 0 takes 13.6 eV and requires an r = ∞ (meaning that the electron is no longer in the
orbit of the nucleus, and that the electron has no potential or kinetic energy)
• H ––> H+ + e–
• Since hydrogen (H) has become an ion (H+), we can say that 13.6 eV is the
ionization energy for hydrogen

Absorption and emission
Absorption – electron absorbs energy, causing it to transiently move up to a higher energy
level
Emissions – electron falls back down from a higher energy level (Ej) to a lower energy
level (Ei), which causes it to emit the energy in the form of a photon (with an energy of EjEi )

Balmer-rydberg equation:

Emission spectrum of hydrogen
The Balmer-rydberg equation tells us about the different wavelengths of light that can be
emitted from hydrogen when an electron falls to a lower energy state.
Since the equation relies of whole integers (i and j), the light emitted can only be distinct λ,
and since λ determines colour, only distinct colours of light can be emitted (line-spectrum
rather than continuous spectrum)

Heisenberg uncertainty principle
Uncertainty principle – the position and momentum of a particle cannot be accurately
measured at the same time
• “The more accurately you know the position of a particle, the less accurately you know
the momentum of that particle, and vice versa”
• Can only be noticed on an atomic scale
Δx Δp ≥ h / 4π
• Δx = uncertainty (Δ) in position (x)
• Δp = uncertainty (Δ) in momentum (p)
p = mv
p = momentum
m = mass
v = velocity
• h = Plank’s constant
Thus, whole RHS of equation is a constant
If you increase Δx, you must decrease Δp, and v.v., since the RHS of the equation is a
constant
• Thus, as you decrease uncertainty is position, you increase uncertainty in
momentum, and v.v.
Uncertainty principle applied to the Bohr model:
• We know velocity of an electron (v) and mass of an electron (m), so we can figure
out momentum (p).
• If we knew that the momentum had a 10% uncertainty associated with it (Δ0.1),
then we can calculate Δp, and our uncertainty (Δ) in position (x).
• If you actually do the math on this, you find that Δx actually greater than the
diameter (2r) of the hydrogen atom in the Bohr model, giving one reason as to why
the Bohr model is wrong.

Quantum numbers
Bohr model of the hydrogen atom is an example of classical mechanics, and says that
there is an electron orbiting (2D) at a distance of ‘r’ from a proton-containing nucleus.
• Incorrect
Quantum mechanics model of the hydrogen atom doesn’t say exactly where the electron
is, but does say that the electron can be found in an orbital – a 3D volume of space in which
the electron is most likely to be found.
• Correct
Principle quantum number (n)
• n = energy level or ‘shell’ (must be a positive integer, n = 1,2,3…)
As n increases, the average distance of the electron from the nucleus
increases, and therefore so does the energy.
Angular momentum quantum number (l)
• l = shape of the orbital (value is dependent on ‘n’, whereby l ≤ n-1, and the total
number of allowed values = n)
• Example:
Shell
Subshells
n=1
l=0
s-orbital – sphere shaped
n=2
l=0
s-orbital – sphere shaped
l=1
p-orbital – dumbbell shaped
Magnetic quantum number (ml)
• m = orientation of the orbital around the nucleus (value is dependent on ‘l’,
whereby –l ≤ m ≤ l
• Example:
Shell
Subshells
ml
n=1
l=0
ml = 0
n=2
l = 0,1
ml = -1, 0, 1
These three orientations
correspond to the xyz axis

“Spin” quantum number (ms)
• Think of it like an electron spinning on its own axis (not actually what is happening
in reality)
• Choice of two:
ms = +½ (spin up, ↑)
ms = –½ (spin down, ↓)
Summary of quantum numbers:

Quantum numbers for the first four shells

Electron configurations
RULES

(at least one of the four quantum numbers must be different
such that no two electrons can ever be in the same place)
Hund’s principle – Every orbital in a sublevel is singly occupied before any orbital is
doubly occupied (to minimize electron-electron repulsion) (first relevant for carbon)
In a neutral atom, # protons = # electrons

Use superscript to denote the number of electrons in a particular orbital
EXAMPLES
Hydrogen (H) has an electron configuration of 1s1

Helium (He) has an electron configuration of 1s2
–> doesn’t violate Pauli’s exclusion
principle, since spin (ms) differs
between the two electrons
Lithium (Li) has an electron configuration of 1s2 2s1

Boron (B) has an electron configuration of 1s2 2s2 2p1

Carbon is the first atom that Hund’s rule comes into play:
Boron (B) has an electron configuration of 1s2 2s2 2p2

Noble gas notation:
• ex. Aluminum:

[Ne] 3s2 3p1

Fast way to assign electron configuration:

Say you wanted to find the electron configuration for the greyed-out box (above):
1) Fill all the orbitals up until you reach the block and period with your element in it
• 1s2 2s2 2p6 3s2 3p6 4s2 3d10
2) Count how many electrons there are left to assign in that particular period’s block:
• 4p5
3) Combine and you are done
• 1s2 2s2 2p6 3s2 3p6 4s2 3d10 4p5
EXCEPTIONS
Exception 1: Some elements don’t follow the rules
• Example: Cr and Cu have one less electron in the 4s orbital than you would expect,
with this electron instead being in the 3d orbital
Cr
[Ar] 4s1 3d5
Cu
[Ar] 4s1 3d10
Exception 2: Although electron configurations generally go from lowest to highest energy
orbitals, the 4s orbital is actually higher in energy than the 3d orbital, even though you fill
the 4s orbital first.
• Thus, it is a rule that when d-block elements form ions, the 4s electrons are lost
first, since the 4s orbital is higher energy than the 3d orbital.
ex.

Zn
Zn2+

[Ar] 4s2 3d10
[Ar] 3d10

Paramagnetism and diamagnetism
An electron is a moving charge, and moving charges create magnetic fields
Thus, ‘electrons are like tiny magnets’
Electron configurations can tell us whether and atom is paramagnetic or diamagnetic
Paramagnetism – one or more set of unpaired electrons.
• Result: Attracted to an external magnetic field

Diamagnetism – all electrons are paired.
• Result: Weakly repelled by an external magnetic field (since it produces its own
magnetic field in the opposite direction)

Periodic Table
Groups – vertical columns
• Full way:
Groups 1-18, with Group 18 = Noble gases
• Main groups Group 1A-8A, with Group 8A = Noble gases
-> Skip standard groups 3-12, and label groups 1A, 2A, 3A… from left to right
-> Useful for counting valence electrons
Periods – horizontal rows
• Example: Period 1 = H and He
Alkali metals
• Group 1 (other than H)
• Soft, silvery metals
• Extremely reactive (ex. reactive with water) (see next lecture for why)
Reactive enough that you wouldn’t find them in their pure state in nature,
they would always be in combination with other elements.
Alkaline earth metals
• Group 2
• Reactive (though not quite as reactive as alkali metals in group 1)
Reactive enough that you wouldn’t find them in their pure state in nature,
they would always be in combination with other elements.
Metals (in general)
• Solid at room temperature (except for mercury, Hg)
• Malleable (workable, opposite of brittle)
• Ductile (able to be drawn out into a thin wire)
• Good conductors of heat and electricity
• TRANSITION METALS
• Most people say the d-block (groups 3-12) contains the transition metals.
• However, IUPAC says that a transition metal is an element whose atom has an
incomplete d subshell, or which can give rise to cations with an incomplete d
subshell
Ex. Zn would not be a transition metal under this definition, since it has a
complete d subshell, even in its cation form (Zn2+)
Zn
[Ar] 4s2 3d10
2+
Zn
[Ar] 3d10
(recall, electrons lost from the higher energy orbital)
Dividing line between metals and non-metals is zig-zagged.
Metalloids
• Exist along the dividing line between metals and non-metals
Note: Al is a metal, not a metalloid

•

Properties between that of metals and that of non-metals
Semi-conductors

Non-metals
• Hydrogen
• Non-malleable (brittle) (if solid)
• Poor conductors of heat and electricity
• HALOGENS
Group 7A
Very reactive (see next lecture for why)
Colorful, corrosive
Halogen = ‘salt-former’
• NOBLE GASES
Group 8A
Colorless, unreactive gases (since their outermost, highest energy shell is
full)

Counting valence electrons for main group elements
Valence electrons (VE) – electrons in the outermost shell (outmost energy level, ex. level
3, level 4, etc.)
Main groups are groups 1A-8A (ignore transition metals in groups 3-12)
Main group # = # VE
Example:
• Na
• Cl

1s2 2s2 2p6 3s1
1s2 2s2 2p6 3s2 3p5

VE = 1
VE = 2+5 = 7

Group 1A
Group 7A

When Na donates its single VE to Cl, it assumes the same electron configuration as Neon (a
noble gas), which is obviously very stable.
When Cl accepts a VE from Na, it achieves a complete octet and assumes the same electron
configuration as Argon (a noble gas), which is again obviously very stable.
•
•

Na+
Cl–

1s2 2s2 2p6
1s2 2s2 2p6 3s2 3p6

= [Ne]
= [Ar]

This helps explain why both halogens and alkali metals are so reactive, because they
can easily reach the electron configuration of a noble gas if they just gain/lose one
electron

Atomic and ionic radii
Atomic radius (AR) – half of the distance between the nuclei of two alike atoms
• This is a better way to represent it, otherwise the definition of radius is hard to
define because of electron clouds

Group trends
• Increase in AR as you move down the groups
Why? Electrons start filling shells of higher energy, which we know exist
further away from the nucleus)

•

Decrease in AR as you move across the periods
Why? Electrons in the outer layers are attracted to the nuclear charge
(positively charged nucleus), but are repelled by electrons in the inner layers
(electron screening/shielding) – inner elections are shielding the outer
electrons from some of the nuclear charge, thus lowering the effective
nuclear charge.
When you move across the periods, there are a greater number of protons in
the nucleus, and so nuclear charge is greater, but there is still the same
number of inner electrons shielding. Thus, the outer electrons in this case
feel more of a pull from the nucleus (greater effective nuclear charge), and
will be pulled in even tighter (causing a decrease in AR)

Ionic radii
• Cations (loss of electrons) have a smaller radius than the neutral atom
Think of it like ‘losing an electron = gaining a proton’ = increased Zeff
• Anions (gain of electrons) have a larger radius than the neutral atom
Think of it like ‘gaining an electron = losing a proton’ = decreased Zeff

Ionization energy trends
Ionization energy (IE) – the energy required to remove an electron from one mole of
gaseous atoms to produce one mole of gaseous ions

•
•

IE is always positive (since it takes energy to pull an electron away from an atom)
IE is measured in kJ/mol

Here we are just talking about the first IE (the IE to remove one VE)
Group Trend

What determines this trend?
• Nuclear charge (number of protons in the nucleus) would oppose this trend
ex. Li has 3 protons in the nucleus, while H only has 1 proton, so the VE in Li
would feel more attraction to the nucleus
• Shielding electrons would support this trend
ex. Li has 2 shielding electrons, while H has 0 shielding electrons, so the VE
in Li would feel less attraction to the nucleus
• Distance would support this trend
Ex. The VE in Li are in the second shell, whereas the VE in H are in the first
shell, so the VE in Li are further away from the nucleus are would feel less
attraction to the nucleus

Nuclear charge and shielding electrons essentially cancel one another out, leaving just the
distance factor, which supports the trend of IE decreasing as we move down a group.
Period trend

Li -> Be
• Increase in IE
• No change in distance or number of shielding electrons as you move from Li to Be,
but there but there is an increase in nuclear charge, and thus the attractive force of
the nucleus (effective nuclear charge) becomes greater as you move along the
period, explaining why IE increases.
Be -> B
• Slight decrease in IE
• In boron, the VE is now in the 2p orbital rather than in the 2s orbital. The 2p orbital
is slightly higher energy than the 2s orbital, and is therefore slightly further away

from the nucleus. Now you have distance and shielding effects coming into play,
which dominate over the nuclear charge force, causing a slight decrease in IE (it is
now slightly easier to pull an electron off of B as compared to in Be).
B -> Ne
• Increase in IE
• Same reasons as Li -> Be (increase in nuclear charge with no change in electron
shielding or distance compared to the last atom, thus increase in effective nuclear
charge)
Only exception in the B -> Ne trend is N->O
• Slight decrease in IE for N->O

Ionization energy trend matches the EN trend
• Note that ‘trends’ are just that – they are not absolute, and there are exceptions

First and second ionization energy

IE2 > IE1 because nuclear charge remains the same, but distance and electron shielding
decreases, so there is a much stronger attractive force holding the second electron to the
nucleus (increase in effective nuclear charge), and thus it becomes much harder to pull the
second electron off than it was to pull the first
Summary of ionization energy (IE):
• To determine relative IE between first and second IE, or between two different
atoms, think about:
-> Nuclear charge (number of protons in the nucleus)
Greater nuclear charge increases IE
-> Electron screening (electrons in the closer shells repelling electrons in
outer shells)
Greater electron screening decreases IE
-> Distance from nucleus
Greater distance from nucleus decreases IE
• IE follows the same trend as EN (increases from BL to TR of the periodic table)
• Note the exceptions, such as the decrease in IE from C->N, due to electron pairing.

Electron affinity – period trend
Electron affinity (EA) – the affinity a nucleus has to gain an extra electron
• Some atoms have an affinity for electrons, meaning that they happily take extra
electrons in a process that releases energy (meaning energy is negative)
• Ex. Lithium:

•

However, some atoms have no affinity for extra electrons, meaning that it would
actually take energy to force extra electrons onto the atom.
-> When an atom as no affinity for an extra electron, we say EA = 0, when in
reality EA is actually a positive value (since it takes energy to add the
electron)
-> This occurs when you have to open up a new, higher energy orbital just to
accommodate the incoming electron (or when there is electron repulsion
such as the case of oxygen, see below)

•

Ex: Neon:
The 10 electrons of Neon completely shield an incoming electron (which
would enter the 3s orbital) from the +10 nuclear charge, and therefore there
is no attraction for an extra electron.
In this process, it would take energy to force an electron onto Neon, since
you would have to open up a whole new, higher energy orbital to
accommodate for it
Energy + Ne + e– -> Ne–
Thus we say that Neon has no affinity (EA = 0) for extra electrons,
explaining why it is so unreactive.

Period trend:

Concluding notes on IE and EA:
• It makes sense that when an electron is easy to add to an atom (large magnitude of
EA), it is very hard to then remove that electron from the atom (large magnitude of
IE).
• IE and EA are related and can be deduced simply by logic and just considering
nuclear charge, distance, and electron shielding (and by remembering that opening
up a new, higher energy orbital is not very favorable)

Stoichiometry
Balancing chemical equations
Redox Reactions
Skipped these three sections because they are either relatively easy topics, or can be found
in my notes for Chemical processes

